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Preface

Introduction

We have been experiencing since the 1970s a process of “symplectization” of Sci-
ence especially since it has been realized that symplectic geometry is the natural
language of both classical mechanics in its Hamiltonian formulation, and of its
refinement, quantum mechanics. The purpose of this book is to provide core mate-
rial in the symplectic treatment of quantum mechanics, in both its semi-classical
and in its “full-blown” operator-theoretical formulation, with a special emphasis
on so-called phase-space techniques. It is also intended to be a work of reference
for the reading of more advanced texts in the rapidly expanding areas of symplec-
tic geometry and topology, where the prerequisites are too often assumed to be
“well-known” by the reader. This book will therefore be useful for both pure math-
ematicians and mathematical physicists. My dearest wish is that the somewhat
novel presentation of some well-established topics (for example the uncertainty
principle and Schrodinger’s equation) will perhaps shed some new light on the
fascinating subject of quantization and may open new perspectives for future in-
terdisciplinary research.

I have tried to present a balanced account of topics playing a central role
in the “symplectization of quantum mechanics” but of course this book in great
part represents my own tastes. Some important topics are lacking (or are only
alluded to): for instance Kirillov theory, coadjoint orbits, or spectral theory. We
will moreover almost exclusively be working in flat symplectic space: the slight
loss in generality is, from my point of view, compensated by the fact that simple
things are not hidden behind complicated “intrinsic” notation.

The reader will find the style in which this book has been written very tradi-
tional: I have been following the classical pattern “Definition-Lemma—-Theorem—
Corollary”. Some readers will inevitably find this way of writing medieval practice;
it is still, in my opinion, the best way to make a mathematical text easily acces-
sible. Since this book is intended to be used in graduate courses as well as for
reference, we have included in the text carefully chosen exercises to enhance the
understanding of the concepts that are introduced. Some of these exercises should
be viewed as useful complements: the reader is encouraged to spend some time on
them (solutions of selected exercises are given at the end of the book).
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Organization

This book consists of three parts which can to a large extent be read independently
of each other:

e The first part (partly based on my monograph [61] Maslov Classes, Meta-
plectic Representation and Lagrangian Quantization) is joint work with Serge
de Gosson. It is intended to be a rigorous presentation of the basics of sym-
plectic geometry (Chapters I and II) and of its multiply-oriented extension
“g-symplectic geometry” (Chapter III); complete proofs are given, and some
new results are presented. The basic tool for the understanding and study of
g-symplectic geometry is the Arnold—Leray—Maslov (For short: ALM) index
and its topological and combinatorial properties. In Chapter IV we study and
extend to the degenerate case diverse Lagrangian and symplectic intersection
indices with a special emphasis on the Conley—Zehnder index; the latter not
only plays an important role in the modern study of periodic Hamiltonian
orbits, but is also essential in the theory of the metaplectic group and its
applications to the study of quantum systems with chaotic classical counter-
part. A remarkable fact is that all these intersection indices are easily reduced
to one mathematical object, the ALM index.

e In the second part we begin by studying thoroughly the notion of phase of
a Lagrangian manifold (Chapter V). That notion, together with the proper-
ties of the ALM index defined in Chapter III, allows us to view quantized
Lagrangian manifolds as those on which one can define a generalized notion
of wave function. Another attractive feature of the phase of a Lagrangian
manifold is that it allows a geometric definition of the Heisenberg—Weyl op-
erators, and hence of the Heisenberg group and algebra; these are studied
in detail in Chapter VI, together with the related notions of Weyl operator
and Wigner—Moyal transform, which are the keys to quantum mechanics in
phase space. In Chapter VII we study the metaplectic group and the asso-
ciated Maslov indices, which are, surprisingly enough, related to the ALM
index in a crucial way.

e In the third and last part we begin by giving a rigorous geometrical treatment
of the uncertainty principle of quantum mechanics Chapter VIII). We show
that this principle can be expressed in terms of the notion of symplectic
capacity, which is closely related to Williamson’s diagonalization theorem
in the linear case, and to Gromov’s non-squeezing theorem in the general
case. We thereafter (Chapter IX) expose in detail the machinery of Hilbert—
Schmidt and trace-class operators, which allows us a rigorous mathematical
treatment of the fundamental notion of density matrix. Finally, in Chapter X
(and this is definitely one of the novelties compared to traditional texts) we
extend the Weyl pseudo-differential calculus to phase space, using Stone and
von Neumann’s theorem on the irreducible representations of the Heisenberg
group. This allows us to derive by a rigorous method a “Schrédinger equation
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in phase space” whose solutions are related to those of the usual Schrodinger
equation by a “wave-packet transform” generalizing the physicist’s Bargmann
transform.

For the reader’s convenience I have reviewed some classical topics in a series of
Appendices at the end of the book (Classical Lie Groups, Covering Spaces, Pseudo-
Differential Operators, Elementary Probability Theory). I hope that this arrange-
ment will help the beginner concentrate on the main text with a minimum of
distraction and without being sidetracked by technicalities.

Prerequisites

The mathematical prerequisites for reading with profit most of this book are rela-
tively modest: solid undergraduate courses in linear algebra and advanced calcu-
lus, as well as the most basic notions of topology and functional analysis (Hilbert
spaces, distribution theory) in principle suffice. Since we will be dealing with prob-
lems having their origin in some parts of modern physics, some familiarity with
the basics of classical and quantum mechanics is of course helpful.

Bibliography

A few words about the bibliography: I have done my very best to give an accurate
and comprehensive list of references. Inevitably, there are omissions; I apologize in
advance for these. Some of these omissions are due to sheer ignorance; on the other
hand this book exposes techniques and results from diverse fields of mathematics
(and mathematical physics); to give a complete account of all contributions is an
impossible task!

Enough said. The book — and the work! — is now yours.
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Notation

Our notation is as standard (and simple) as conflicting usages in the mathematical
and physical literature allow.

Number sets

R (resp. C) is the set of all real (resp. complex) numbers. We denote respectively by
N={1,2,...} and Z=1{...,-2,—1,0,+1,+2,...}

the set of positive integers and the set of all integers.

Classical matrix groups

Let K=Ror C.
M (m,K) is the algebra of all m x m matrices with entries in K.

GL(m,K) is the general linear group. It consists of all invertible matrices in
M(m,K).

SL(m, K) is the special linear group: it is the subgroup of GL(m, K) consisting
of all the matrices with determinant equal to 1.

Sym(m,K) is the vector space of all symmetric matrices in M (m, K); it has
dimension $m(m + 1); Sym, (2n,R) is the subset of Sym(m, K) consisting of the
positive definite symmetric matrices.

Sp(n) = Sp(n, R) is the standard (real) symplectic group; it is the subgroup
of SL(2n,R) consisting of all matrices S such that ST.JS = J where J is the
“standard symplectic matrix” defined by

0 I
J= {_ f O} .
U(n, C) is the unitary group; it consists of all U € M (n, C) such that UU* =
U*U =1 (U* = U7 is the adjoint of U).
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U(n) is the image in Sp(n) of U(n, C) by the monomorphism

A+iB+— [A _B].

B A

Vector calculus

The elements of R™ should be viewed as column vectors

Z1
xTr =
Tn
when displayed; for typographic simplicity we will usually write @ = (21,...,2,)

in the text. The Euclidean scalar product (-, ) and norm |- | on R™ are defined by

m
(wy)=aTy=> zjy; . lo| = /(z,2).
j=1
The gradient operator in the variables x1, ..., x, will be denoted by
0
6371
Oy or :

0
0T m

Let f and g be differentiable functions R — R™; in matrix form the chain
rule is
d(go f)(x) = (Df(x)"0f(x) (1)

where Df(x) is the Jacobian matrix of f: if f = (f1,..., fm) is a differentiable
mapping R”™ — R™, then

9f Of ... Oh
ox Ox ox
B B D,
Df=|"T" 7" ol (2)
Ofm  Ofn ... Ofm
Oz Oz 0T m

Let y = f(x); we will indifferently use the notation

@ a(y177ym)

AR il —

for the Jacobian matrix. If f is invertible, the inverse function theorem says that

D(f~(y) = [Df ()]~ 3)
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If f:R™ — R is a twice continuously differentiable function, its Hessian
calculated at a point x is the symmetric matrix of second derivatives

0 R i
81? Ox10x2 Ox10x,
0% f 2f Lok
Ox20 ox2 0x20xn
D2f(17) _ x20x1 5 x0T ) (4)
o _&F .. Pf
0,011 0,012 ox?2

Notice that the Jacobian and Hessian matrices are related by the formula
D(f)(x) = D*f(x). ()
Also note the following useful formulae:

(A0, B} e~ H M=) = (MAM e, z) — Tr(AM)] e~ H M) (6)
(Bx, 0y) e~ 3 (Mez) — (M Bz, x) e~ (M) (7)

where A, B, and M are symmetric. matrices.

Function spaces and multi-index notation

We will use “multi-index” notation: for a« = (ai,...,a,) in N™ we set |a| =
a1 + -+ -+ agy (it is the “length” of the “multi-index” «) and

a _ an a a _ qo Q.
x* =z{ ey, 0% =05 - 05

we will set D& = il*l92.

We denote by C*(R™) the vector space of k times continuously differentiable
functions R™ — C; k is an integer > 1 or co. The subspace of C*(R™) consisting
of the compactly supported functions is denoted by C¥(R™).

S(R”) is the Schwartz space of rapidly decreasing functions: ¥ € S(R?) if
and only if for every pair (a, 8) of multi-indices there exist K,g > 0 such that

|z20PW ()] < Kop for all z € R™. (8)

In particular, every C'*° function on R™ vanishing outside a bounded set is in
SR2): C°(RY) € S(RY). Taking the best constants Ko in (8) we obtain a
family of semi-norms on S(RY) and one shows that S(R?) is then a Fréchet space,
and we have continuous inclusions

C5°(Ry) € S(Ry) € L*(RY).

The dual of S(R™) (i.e., the space of tempered distributions) is denoted by
S'(R™).
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For f € S(R™) and a > 0 we define the “a-Fourier transform” F'f of f by

Fi(y) = (7)™ / em & W) f(z)d™a;

its inverse is
m/2 i T m
f@) = ()" [ es v B sy,

Also recall that if M is a real symmetric m x m matrix then

/67<M“’“>dmu = 7"/2(det M)~/

Combinatorial notation

Let X be a set, k an integer > 0, (G, +) an Abelian group. By definition, a (G-
valued) k-cochain on X (or just cochain when the context is clear) is a mapping

c: XM G,

To every k-cochain one associates its coboundary: it is the (k + 1)-cochain dc

defined by
k+1

Oc(0, . k1) = D (=10, -, &y Tht1)), (9)
j=0

where the cap ~ suppresses the term it covers. The operator
Ok : {k-cochains} — {(k + 1)-cochains}

defined by (9) is called the coboundary operator; we will use the collective notation
0 whenever its range is obvious. The coboundary operator satisfies the important
(but easy to prove) equality d?c = 0 for every cochain c. A cochain c is called
coboundary if there exists a cochain m such that ¢ = Om; a cochain c is called a
cocycle if Oc = 0; obviously every coboundary is a cocycle.
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Chapter 1

Symplectic Spaces and
Lagrangian Planes

The main thrust of this chapter is to familiarize the reader with the notions of
symplectic geometry that will be used in the rest of the book. There are many good
texts on symplectic geometry, especially since the topic has become so fashionable.
To cite a few (in alphabetical order): Abraham and Marsden [1], Cannas da Silva
[21], Libermann and Marle [110], the first Chapter of McDuff and Salamon [114],
Vaisman [168]; the latter contains an interesting study of characteristic classes
intervening in symplectic geometry. Bryant’s lecture notes in [46] contains many
interesting modern topics and extensions and can be read with profit even by the
beginner. A nicely written review of symplectic geometry and of its applications
is Gotay and Isenberg’s paper [76] on the “symplectization of science”. Other
interesting reviews of symplectic geometry can be found in Weinstein [177, 178].

1.1 Symplectic Vector Spaces

We will deal exclusively with finite-dimensional real symplectic spaces. We begin
by discussing the notion of symplectic form on a vector space. Symplectic forms
allow the definition of symplectic bases, which are the analogues of orthonormal
bases in Euclidean geometry.

1.1.1 Generalities

Let E be a real vector space; its generic vector will be denoted by z. A symplectic
form (or: skew-product) on E is a mapping w : E X F — R which is
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e linear in each of its components:

w(arz1 + agzg,2") = aqw(z1, 2') + asw(ze, '),

w(z, 2] + anzh, 2') = aqw(z, 21) + asw(z, 25)

for all z,2', 21, 21, 22, 25 in F and aq, o), @z, ol in R;
e antisymmetric (one also says skew-symmetric):

w(z,2') = —w(2,2) forall 2,2 € E

(equivalently, in view of the bilinearity of w: w(z,z) =0 for all z € E):
e non-degenerate:

w(z,2') =0 for all z € E if and only if 2’ = 0.

Definition 1.1. A real symplectic space is a pair (F,w) where E is a real vector
space on R and w a symplectic form. The dimension of (F,w) is, by definition, the
dimension of F.

The most basic — and important — example of a finite-dimensional symplectic
space is the standard symplectic space (R*", o) where o (the standard symplectic
form) is defined by

n
o(z,2") = ijac; — pjx; (1.1)
=1

when z = (z1,...,2n;p1,...,pn) and 2/ = (2}, ...,20;p},...,p)). In particular,
when n =1,
o(z,2') = —det(z, 2').

In the general case o(z, 2’) is (up to the sign) the sum of the areas of the parallel-
ograms spanned by the projections of z and 2z’ on the coordinate planes z;, p;.

Here is a coordinate-free variant of the standard symplectic space: set X = R"
and define a mapping £ : X & X* — R by

(z,2") = (p.2') — (¥, 2) (1.2)

if z = (x,p),2’ = («/,p'). That mapping is then a symplectic form on X & X*.
Expressing z and 2’ in the canonical bases of X and X* then identifies (R?", o) with
(X®X*, €). While we will only deal with finite-dimensional symplectic spaces, it is
easy to check that formula (1.2) easily generalizes to the infinite-dimensional case.
Let in fact X be a real Hilbert space and X* its dual. Define an antisymmetric
bilinear form £ on X & X* by the formula (1.2) where (-,-) is again the duality
bracket. Then £ is a symplectic form on X @ X*.

Remark 1.2. Let ® be the mapping E — E* which to every z € E associates the
linear form ®, defined by
D, () = w(z,2). (1.3)
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The non-degeneracy of the symplectic form can be restated as follows:
w is non-degenerate <= ® is a monomorphism F — E*.

We will say that two symplectic spaces (F,w) and (E’,w’) are isomorphic if
there exists a vector space isomorphism s : B — E’ such that

w'(s(2),5(2)) = w'(z,2)

for all z, 2’ in E; two isomorphic symplectic spaces thus have the same dimension.
We will see below that, conversely, two finite-dimensional symplectic spaces are
always isomorphic in the sense above if they have same dimension; the proof of this
property requires the notion of symplectic basis, studied in the next subsection.
Let (Ey,w1) and (E2,ws) be two arbitrary symplectic spaces. The mapping

w=w; Pwy: 1 ®E; — R
defined by
w(z1 @ 22521 B 28) = wi(z1, 21) + wa(z2, 25) (1.4)
for z1 @ 22,2] ® 25 € F1 & E5 is obviously antisymmetric and bilinear. It is also
non-degenerate: assume that

w(z1 ® 22521 ® 25) =0 for all 2] ® 2 € By & Eo;

then, in particular, wy(z1, 2]) = wa(z2, 2z5) = 0 for all (2], 2}) and hence z; = 2o =
0. The pair
(E,LU) = (El D Eg,wl D LUQ)

is thus a symplectic space; it is called the direct sum of (E1,w1) and (Ea,ws).

Example 1.3. Let (R?",0) be the standard symplectic space. Then we can define
on R?" @ R?" two symplectic forms ¢® and ¢ by

(21,21) + 0 (22, 25),

(Zlv Zi) - 0(227 Zé)

0% (21,227 2], 2) = o
09 (21, 20521, 25) = o
The corresponding symplectic spaces are denoted (R?" @ R2", 0%) and (R?" @
R2" 59).

Let us briefly discuss the notion of complex structure on a vector space; we
refer to the literature, for instance Hofer—Zehnder [91] or McDuff-Salamon [114],
where this notion is emphasized and studied in detail.

We begin by noting that the standard symplectic form o on R2" can be
expressed in matrix form as

o(z,2) = (T2, J= {0 I], (1.5)
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where 0 and ¢ stand for the n x n zero and identity matrices. The matrix J is called
the standard symplectic matrix. Alternatively, we can view R?" as the complex
vector space C™ by identifying (x,p) with « 4+ ip. The standard symplectic form
can with this convention be written as

0(z,2") =Im(z,2")cn (1.6)

where (-, )¢ is the usual (Hermitian) scalar product on C™. Notice that multi-
plication of x + ip by 4 then corresponds to multiplication of (z,p) by J. These
considerations lead to the following definition:

Definition 1.4. A “complex structure” on a vector space E is any linear isomor-
phism j : E — E such that j2 = —1I.

Since det(j2) = (=1)4™% > 0 we must have dim E = 2n so that only even-
dimensional vector spaces can have a complex structure. It turns out that the
existence of a complex structure on F identifies it with the standard symplectic
space as the following exercises show:

Exercise 1.5. Let j be a complex structure on a vector space E. Show that one
can define on E a structure of complex vector space EC by setting

(a+if)z = a+ Fjz. (1.7)

[Hint: the condition j2 = —1I is necessary to ensure that u(u’z) = (uu)z for all
u,u’ € CJ.
Exercise 1.6. Let f be a linear mapping F© — EC such that foj = jo f.

(i) Assume that the matrix of f in a basis B = {ey,...,e,} of ECisU = A+iB
(A, B real nxn matrices). Viewing f : E© — EC as a real endomorphism f*
shows that the matrix of f® in the basis B = {j(e1),...,j(en);€1,-.,€n;}

is then N
-B
o-[a 7.

(i) Show that det f® = |det f|2.

Here is an example of a nonstandard symplectic structure. Let B be an

antisymmetric (real) n X n matrix: BT = —B and set
-B I
e
We have
o _[B -1 -B
B B -1

hence J3 # —1I if B # 0. We can however associate to Jp the symplectic form op
defined by
O'B(Zv Z/) - U(Zv Z/) - <BI,I/> ; (18)
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this symplectic form intervenes in the study of electromagnetism (more generally
in the study of any Galilean invariant Hamiltonian system). The scalar product
— (Bz, ') is therefore sometimes called the “magnetic term”; see Guillemin and
Sternberg [85] for a thorough discussion of op.

1.1.2 Symplectic bases

We begin by observing that the dimension of a finite-dimensional symplectic vector
is always even: choosing a scalar product (-, -) , on E, there exists an endomorphism
j of E such that w(z, 2') = (j(2), 2) ; and the antisymmetry of w is then equivalent
to j7 = —j where 7 denotes here transposition with respect to (-, ) 5; hence

detj = (fl)dimEdet P (fl)dimEdetj.
The non-degeneracy of w implies that detj # 0 so that (—1)¥™¥ = 1, hence
dim FE = 2n for some integer n, as claimed.

Definition 1.7. A set B of vectors
B={ey,...,en} U{f1,..., fu}
of F is called a “symplectic basis” of (E,w) if the conditions
wle,e;) =w(fi, fj) =0, w(fi,e;) =0 for 1<4i,j<n (1.9)
hold (;; is the Kronecker index: d;; =1 if i = j and d;; = 0 if ¢ # j).

We leave it to the reader to check that the conditions (1.9) automatically
ensure the linear independence of the vectors e;, f; for 1 < 4,5 < n (hence a
symplectic basis is a basis in the usual sense).

Here is a basic (and obvious) example of a symplectic basis: define vectors
€1,...,en and fi,..., fn in R2" by

ei = (¢i,0) , e =(0,¢)

where (¢;) is the canonical basis of R™. (For instance, if n = 1, e; = (1,0) and
f1=1(0,1).) These vectors form the canonical basis

B:{61,...,8n}u{f17~-~7fn}

of the standard symplectic space (R2", ¢); one immediately checks that they satisfy
the conditions o(e;,e;) = 0, o(fi, fj) = 0, and o(fi,e;) = &5 for 1 <4, < n.
This basis is called the canonical symplectic basis.

Remark 1.8. It is not immediately obvious that each symplectic space has a sym-
plectic basis; that this is however true will be established in Section 1.2, where we
will in addition prove the symplectic equivalent of the Gram—Schmidt orthonor-
malization process.
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Taking for granted the existence of symplectic bases we can prove that all
symplectic vector spaces of the same finite dimension 2n are isomorphic: let (E,w)
and (E',w") have symplectic bases {e;, fj;1 <i,j < n} and {e}, f};1 <4,j < n}
and consider the linear isomorphism s : E — E’ defined by the conditions s(e;) =
e, and s(f;) = f! for 1 <i <n. That s is symplectic is clear since we have

for 1 <i,5 <n.

The set of all symplectic automorphisms (F,w) — (F,w) form a group
Sp(F,w) — the symplectic group of (F,w) — for the composition law. Indeed,
the identity is obviously symplectic, and so is the composition of two symplectic
transformations. If w(s(z), s(2’)) = w(z, 2’) then, replacing z and 2’ by s~1(z) and
s71(2"), we have w(z, 2') = w(s71(z), s 1(2")) so that s~! is symplectic as well.

It turns out that all symplectic groups corresponding to symplectic spaces of
the same dimension are isomorphic:

Proposition 1.9. Let (E,w) and (E',w’) be two symplectic spaces of the same
dimension 2n. The symplectic groups Sp(E,w) and Sp(E’,w’) are isomorphic.

Proof. Let ® be a symplectic isomorphism (F,w) — (E’,w’) and define a map-
ping fo : Sp(E,w) — Sp(E',w') by fo(s) = foso f~1 Clearly fo(ss') =
fa(s)®(s’) hence fg is a group monomorphism. The condition f3(S) = I (the
identity in Sp(F’,w’)) is equivalent to f o s = f and hence to s = I (the identity
in Sp(E,w)); fe is thus injective. It is also surjective because s = f~1os’ o f is a
solution of the equation foso f~! =&’ O

These results show that it is no restriction to study finite-dimensional sym-
plectic geometry by singling out one particular symplectic space, for instance the
standard symplectic space, or its variants. This will be done in the next section.

Note that lf Bl = {eli,flj; 1 S Z,j S TL1} and BQ = {BQk,fgg; 1 S k,é S TLQ}
are symplectic bases of (E1,w;) and (Ea,ws), then

B ={e1i ®ean, f1; ® for:1<14,5 <np+ny}

is a symplectic basis of (E7 & Fa, w1 ® wa).

Exercise 1.10. Construct explicitly an isomorphism
(Rgn @ Rgn’ UEB) - (Rgn @ Rgnv Ue)

where the symplectic forms ¢® and ¢© are defined as in Example 1.3.
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Exercise 1.11. Denote by Sp®(2n) and Sp®(2n) the symplectic groups of (R2" @
R2" 59) and (R2" @ R2", 6°), respectively. Show that

S© € Sp©(4n,R) <= I°S° € Sp¥(4n,R)

where I° = [é g} and C(z,p) = (z, —p).

1.1.3 Differential interpretation of o

A differential two-form on a vector space R™ is the assignment to every x € R™
of a linear combination

i<j<m

where the b;; are (usually) chosen to be C* functions, and the wedge product
dz; N\ dx; is defined by

dz; N\ d.”L'j =dxr; ® d.”L'j — d,Tj ® dx;

where dz; : R™ — R is the projection on the ith coordinate. Returning to R?",
we have
dpj Ndzj(z,2") = pjx;- — p;xj

hence we can identify the standard symplectic form o with the differential 2-form

dp N\ dx = dej Ndzj = d(ijdxj);

j=1 j=1
the differential one-form
n
pdx = Z pidx;
j=1

plays a fundamental role in both classical and quantum mechanics; it is sometimes
called the (reduced) action form in physics and the Liouwville form in mathemat-
ics?.

Since we are in the business of differential form, let us make the following
remark: the exterior derivative of dp; A dx; is

so that we have
do =d(dp Ndx) =0.

LSome authors call it the tautological one-form.
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The standard symplectic form is thus a closed non-degenerate 2-form on R2™.
This remark is the starting point of the generalization of the notion of symplectic
form to a class of manifolds: a symplectic manifold is a pair (M,w) where M is a
differential manifold M and w a non-degenerate closed 2-form on M. This means
that every tangent plane T, M carries a symplectic form w, varying smoothly with
z € M. As a consequence, a symplectic manifold always has even dimension (we
will not discuss the infinite-dimensional case).

One basic example of a symplectic manifold is the cotangent bundle T*V"™ of a
manifold V™; the symplectic form is here the “canonical 2-form” on T*V", defined
as follows: let 7 : T*V"— V" be the projection to the base and define a 1-form A
on T*V™ by A, (X) = p(m.(X)) for a tangent vector V" to T*V™ at z = (z,p). The
form A is called the “canonical 1-form” on T*V"; its exterior derivative w = dA is
called the “canonical 2-form” on T*V™ and one easily checks that it indeed is a
symplectic form (in local coordinates A = pdz and o = dp A dx). The symplectic
manifold (T*V™,w) is in a sense the most straightforward non-linear version of
the standard symplectic space (to which it reduces when V" = R” since T*R? is
just R? x (R?)* = R2"). Observe that T*V™ never is a compact manifold.

A symplectic manifold is always orientable: the non-degeneracy of w namely
implies that the 2n-form

WM =W A Aw
~—_——
n factors
never vanishes on M and is thus a volume form on M. We will call the exterior

power w’\" the symplectic volume form. When M is the standard symplectic space,
then the usual volume form on R2",

Vola, = (dp1 A+« Adpp) A (dxg A -+ - Aday,),

is related to the symplectic volume form by

1
Voly,, = (4)”“*””’5&”. (1.10)

Notice that, as a consequence, every cotangent bundle T*V” is an oriented
manifold!

The following exercise proposes a simple example of a symplectic manifold
which is not a vector space; this example shows at the same time that an arbitrary
even-dimensional manifold need not carry a symplectic structure:

Exercise 1.12.
(i) Show that the sphere S? equipped with the standard area form o, (z,2’) =
det(u, z, 2’) is a symplectic manifold.

(ii) Show that the spheres S are never symplectic manifolds for n > 1.
[Hint: H*(S?") =0 for k # 0 and k # 2n.]



1.2. Skew-Orthogonality 11

1.2 Skew-Orthogonality

All vectors in a symplectic space (F,w) are skew-orthogonal (one also says “iso-
tropic”) in view of the antisymmetry of a symplectic form: o(z,2") = 0 for all
z € E. The notion of length therefore does not make sense in symplectic geometry
(whereas the notion of area does). The notion “skew orthogonality” is extremely
interesting in the sense that it allows the definition of subspaces of a symplectic
space having special properties. We begin by defining the notion of a symplectic
basis, which is the equivalent of an orthonormal basis in Euclidean geometry.

1.2.1 Isotropic and Lagrangian subspaces

Let M be an arbitrary subset of a symplectic space (E,w). The skew-orthogonal
set to M (one also says annihilator) is by definition the set

MY ={z2€FE:w(z2)=0, V' € M}.
Notice that we always have
M CN = N“C M and (M“)* C M.
It is traditional to classify subsets M of a symplectic space (E,w) as follows:

M C F is said to be:
o Isotropic if MY D M : w(z,2") =0 for all 2,2’ € M;
e Coisotropic (or: involutive) if M“ C M;
e Lagrangian if M is both isotropic and co-isotropic: M = M;
o Symplectic if M NM<“ = 0.

Notice that the non-degeneracy of a symplectic form is equivalent to saying that,
in a symplectic space, the only vector that is skew-orthogonal to all other vectors
is 0.

The following proposition describes some straightforward but useful proper-
ties of the skew-orthogonal set of a linear subspace of a symplectic space:

Proposition 1.13.
(i) If M is a linear subspace of E, then so is M* and

dim M + dim M¥ = dim E and (M*)* = M. (1.11)
(ii) If My, My are linear subspaces of a symplectic space (E,w), then

(Ml + Mg)w = Mid QMEJ B (Ml ﬁMg)w = Miu +M5J (1.12)
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Proof. (i) That M is a linear subspace of F is clear. Let ® : E — E* be the
linear mapping (1.3); since the dimension of E is finite the non-degeneracy of w
implies that ® is an isomorphism. Let {e1,...,e;} be a basis of M; we have

k
MY = ﬂ ker(®(e;))

so that M* is defined by k independent linear equations, hence
dimM* =dimE — k =dim F — dim M
which proves the first formula (1.11). Applying that formula to the subspace

(M¥)* we get
dim(M*)* = dim E — dim M* = dim M

and hence M = (M¥)% since (M*“)“ C M whether M is linear or not.

(ii) It is sufficient to prove the first equality (1.12) since the second follows by
duality, replacing M7 by M{ and My by MY and using the first formula (1.11).
Assume that z € (M7 + M3)%; then w(z,21 + 22) = 0 for all 21 € My,22 € M.
In particular w(z, z1) = w(z, z2) = 0 so that we have both z € M} and z € MY,
proving that (M; + M3)* C MY NMY . If conversely 2 € My NMY, then w(z, z1) =
w(z,22) = 0 for all z; € My, 22 € My and hence w(z,2’) =0 for all 2’ € My + M.
Thus z € (M; + Ms)” and MY N MY C (My + M2)“. O

Let M be a linear subspace of (F,w) such that M N M“ = {0}; in the
terminology introduced above M is a “symplectic subset of E”.
Exercise 1.14. If M N M* = {0}, then (M,w|5s) and (M¥,w)pse) are complemen-
tary symplectic spaces of (F,w):
(B,w) = (M & M*,wn ®wre). (1.13)

[Hint: M is a linear subspace of E so it suffices to check that the restriction wja;
is non-degenerate.]

1.2.2 The symplectic Gram—Schmidt theorem

The following result is a symplectic version of the Gram—Schmidt orthonormal-
ization process of Euclidean geometry. Because of its importance and its many
applications we give it the status of a theorem:

Theorem 1.15. Let A and B be two (possibly empty) subsets of {1,...,n}. For
any two subsets € ={e; : 1 € A}, F ={f; :j € B} of the symplectic space (E,w)
(dim E = 2n), such that the elements of £ and F satisfy the relations

w(ei,ej) = w(fi,fj) =0 s w(fi,ej) = 61’]’ fO’f’ (Z,]) € Ax B, (1.14)

there exists a symplectic basis B of (E,w) containing €U F.
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Proof. We will distinguish three cases.

(i) The case A = B = (. Choose a vector e; # 0 in F and let f; be another
vector with w(f1,e1) # 0 (the existence of f; follows from the non-degeneracy
of w). These vectors are linearly independent, which proves the theorem in the
considered case when n = 1. Suppose n > 1 and let M be the subspace of E
spanned by {e1, f1} and set E; = M*; in view of the first formula (1.11) we have
dim M +dim E; = 2n. Since w(f1,e1) # 0 we have EyNM =0, hence E = E1 &M,
and the restriction w; of w to Fj is non-degenerate (because if z; € Ej is such
that wy(21,2) = 0 for all z € Fy, then 2; € E¥ = M and hence z; = 0); (Eq,w1) is
thus a symplectic space of dimension 2(n — 1). Repeating the construction above
n — 1 times we obtain a strictly decreasing sequence

(E,w) D) (El,wl) DD (En_l,wn_l)
of symplectic spaces with dim Fy, = 2(n — k) and also an increasing sequence

{elafl} C {elaeQ;fl;fQ} c---C {617"'7€n;f13"'7fn}
of sets of linearly independent vectors in E, each set satisfying the relations (1.14).
(ii) The case A = B # (). We may assume without restricting the argument that
A=B=1{1,2,...,k}. Let M be the subspace spanned by {e1,...,ex; f1,..., fx}.
As in the first case we find that £ = M @& M% and that the restrictions wjy; and
wprw of w to M and M, respectively, are symplectic forms.
Let {€x+1,---,€n; fkt1,---, fn} be a symplectic basis of M*; then

B = {617-~-7€n;f17~-~7fn}
is a symplectic basis of E.
(iii) The case B\A # 0 (or B\ A # (). Suppose for instance k € B\ A and choose

e € E such that w(e;,ex) = 0 for i € A and w(fj,ex) = ;i for j € B. Then
EUF U{ex} is a system of linearly independent vectors: the equality

A€ + Z ie; + Z pie; = 0
i€A jeB
implies that we have
Mew(frren) + Y Aw(fied) + > pjw(frre) = A =0
i€A jEB
and hence also \; = p; = 0. Repeating this procedure as many times as necessary,

we are led back to the case A = B # (). O

Remark 1.16. The proof above shows that we can construct symplectic subspaces
of (E,w) having any given even dimension 2m < dim E containing any pair of
vectors e, f such that w(f,e) = 1. In fact, M = Span{e, f} is a two-dimensional
symplectic subspace (“symplectic plane”) of (E,w). In the standard symplectic
space (R?", o) every plane x;,p; of “conjugate coordinates” is a symplectic plane.
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The following exercise shows that the symplectic form is essentially the stan-
dard symplectic form in any symplectic basis:

Exercise 1.17. Show that if z;, p;, 2, pj are the coordinates of z, 2’ in any given
symplectic basis, then w(z, 2’) takes the standard form

n
w(z,z') = ijx;- - pjx;. (1.15)
j=1

(Thus showing again the “naturality” of the standard symplectic space.)

It follows from the theorem above that if (F,w) and (E’,w’) are two sym-
plectic spaces with the same dimension 2n, there always exists a symplectic iso-
morphism @ : (E,w) — (E’,w’). Let in fact

B={ei,...,ex}U{f1,....fn} , B ={e,....el,}U{f1,.. -, fL}

be symplectic bases of (F,w) and (E’,w’), respectively. The linear mapping & :
E — E' defined by ®(e;) = €’ and ®(f;) = f; (1 < j < n) is a symplectic
isomorphism.

This result, together with the fact that any skew-product takes the standard
form in a symplectic basis shows why it is no restriction to develop symplectic
geometry from the standard symplectic space: all symplectic spaces of a given
dimension are just isomorphic copies of (R?", ¢) (this is actually already apparent
from Exercise 1.17).

We end this subsection by briefly discussing the restrictions of symplectic
transformations to subspaces:

Proposition 1.18. Let (F,w|p) and (F',w|p:) be two symplectic subspaces of (E,w).
Ifdim F = dim F”, there exists a symplectic automorphism of (E,w) whose restric-
tion g is a symplectic isomorphism ¢|p : (F,wp) — (F',wp).

Proof. Assume that the common dimension of F' and F’ is 2k and let

B(k) :{617-~-7€k}u{f1,~-~,fk},
By ={et, - e, U{fl, . fi}

be symplectic bases of F' and F’, respectively. In view of Theorem 1.15 we may
complete By and By into full symplectic bases B and B’ of (E,w). Define a
symplectic automorphism ® of E by requiring that ®(e;) = e; and @(f;) = f.
The restriction ¢ = ®p is a symplectic isomorphism F — F". O
Let us now work in the standard symplectic space (R2"?,¢); everything can
however be generalized to vector spaces with a symplectic form associated to a
complex structure. We leave this generalization to the reader as an exercise.

Definition 1.19. A basis of (R?", o) which is both symplectic and orthogonal (for
the scalar product (z, 2’} = o(Jz,2)) is called an orthosymplectic basis.
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The canonical basis is trivially an orthosymplectic basis. It is easy to con-
struct orthosymplectic bases starting from an arbitrary set of vectors {ef,..., e, }
satisfying the conditions o(e},e’) = 0: let £ be the vector space (Lagrangian
plane) spanned by these vectors; using the classical Gram—Schmidt orthonormal-
ization process we can construct an orthonormal basis {e1,...,e,} of £. Define
now f; = —Jey,..., fn = —Jen. The vectors f; are orthogonal to the vectors e;

and are mutually orthogonal because J is a rotation; in addition
a(fi, ;) = olei,ej) =0, alfi,ej) = (ei, ;) = dij,

hence the basis
B={e1,...,extU{f1,..., fn}

is both orthogonal and symplectic.

We leave it to the reader as an exercise to generalize this construction to any
set

{61,...,€k}U{f1,...,fm}

of normed pairwise orthogonal vectors satisfying in addition the symplectic con-
ditions O'(fi, fJ) = O’(ei, €j) = 0 and O’(fi, €j) = 5”

1.3 The Lagrangian Grassmannian

Recall that a subset of (F,w) is isotropic if w vanishes identically on it. An isotropic
subspace ¢ of (E,w) having dimension n = 3 dim E is called a Lagrangian plane.
Equivalently, a Lagrangian plane in (F,w) is a linear subspace of E which is both

isotropic and co-isotropic.

1.3.1 Lagrangian planes

It follows from Theorem 1.15 that there always exists a Lagrangian plane con-
taining a given isotropic subspace: let {e1,...,e;} be a basis of such a subspace;
complete that basis into a full symplectic basis

B:{61,...,6n}u{fly~"7fn}

of (E,w); the space spanned by {e1,...,e,} is then a Lagrangian plane. Notice
that we have actually constructed in this way a pair (¢,¢') of Lagrangian planes
such that £N ¢ = 0, namely

¢=Span{ey,...,en}t , ¢ =Span{fi,..., fn}.

Since Lagrangian planes will play a recurring role in the rest of this book it
is perhaps appropriate to summarize some terminology and notation:
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Definition 1.20. The set of all Lagrangian planes in a symplectic space (E,w) is de-
noted by Lag(F,w) and is called the “Lagrangian Grassmannian of (F,w)”. When
(E,w) is the standard symplectic space (R?",s) the Lagrangian Grassmannian is
denoted by Lag(n), and we will use the notation

ZX:R:XO and ZPZOXRZ.
{x and {p are called the “horizontal” and “vertical” Lagrangian planes in (R2", o).

Other common notation for the Lagrangian Grassmannian is A(E,w) or
A(n,R).

Example 1.21. Suppose n = 1; Lag(1) consists of all straight lines passing through
the origin in the symplectic plane (R2", — det).

When n > 1 the Lagrangian Grassmannian is a proper subset of the set of
all n-dimensional planes of (R%", 7).

Let us study the equation of a Lagrangian plane in the standard symplectic
space.

In what follows we work in an arbitrary symplectic basis

B:{61,...,8n}u{f17~-~7fn}

of the standard symplectic space; the corresponding coordinates are denoted by z
and p.

Proposition 1.22. Let ¢ be an n-dimensional linear subspace £ of the standard
symplectic space (R?", o).
(i) ¢ is a Lagrangian plane if and only if it can be represented by an equation

Xz + Pp=0 with rank(X, P) =n and XPT = PXT. (1.16)

(ii) Let B = {e1,...,en}t U{f1,..., fu} be a symplectic basis and assume that
¢ = Span{f1,..., fn}; then there exists a symmetric matric M € M(n,R)
such that the Lagrangian plane £ is represented by the equation p = Mz in
the coordinates defined by B.

Proof. (i) We first remark that Xa 4+ Pp = 0 represents an n-dimensional space if
and only if

rank(X, P) = rank(X”, PT) = n. (1.17)
Assume that in addition X7 P = PTX and parametrize ¢ by setting z = PTu,
p = —XTu. It follows that if 2, 2z’ are two vectors of ¢, then

o(z,2) = <7XTU, PTu'> — <7XTUI,PT’U,> =0

so that (1.16) indeed is the equation of a Lagrangian plane. Reversing the argument
shows that if Xx + Pp = 0 represents an n-dimensional space, then the condition
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o(z,2") = 0 for all vectors z, 2z’ of that space implies that we must have X PT =
PXT.

(ii) It is clear from (i) that p = M represents a Lagrangian plane ¢; it is also clear

that this plane £ is transversal to Span{fi,..., f,}. The converse follows from the
observation that if £ : Xz + Pp = 0 is transversal to Span{fi,..., fn}, then P
must invertible; the property follows taking M = —P~'X which is symmetric
since X PT = PXT. ]

Two Lagrangian planes are said to be transversal if £ N ¢’ = 0; since dim ¢ =
dim /¢ = %dimE this is equivalent to saying that F = ¢ @& ¢'. For instance the
horizontal and vertical Lagrangian planes {x = R x 0 and {p = 0 x R}} are
obviously transversal in (R2", o).

Part (ii) of Proposition 1.22 above implies:

Corollary 1.23.

(i) An n-plane £ in (R?" o) is a Lagrangian plane transversal to Lp if and only
if there exists a symmetric matriz M € M(n,R) such that £ : p = Mx.

(ii) For any n-plane € : Xz + Pp =0 in R2" we have
dim(¢ N ¥¢p) = n — rank(P). (1.18)

(iii) For any symplectic matriz

the rank of B is given by the formula
rank(B) =n — dim(S¢p N {Lp). (1.19)

Proof. (i) The condition is necessary, taking for B the canonical symplectic bases.
If conversely ¢ is the graph of a symmetric matrix M, then it is immediate to
check that o(z;2") =0 for all z € £.

(ii) The intersection £ N £p consists of all (x,p) which satisfy both conditions
Xx+ Pp=0and x = 0. It follows that

(x,p) €€Nip < Pp=0

and hence (1.18).

(ili) Formula (1.19) follows from the trivial equivalence

(x,p) € SlpNip < Bp=0. O



18 Chapter 1. Symplectic Spaces and Lagrangian Planes

Theorem 1.15 allows us to construct at will pairs of transverse Lagrangian
planes: choose any pair of vectors {ej, f1} such that w(fi,e1) = 1; in view of
Theorem 1.15 we can find a symplectic basis B = {e1,...,e,} U{f1,..., fn} of
(E,w) and the spaces ¢ = Span{ey,...,e,} and ¢/ = Span{fi,..., fn} are then
transversal Lagrangian planes in E. Conversely:

Proposition 1.24. Suppose that 1 and {2 are two transversal Lagrangian planes in
(E,w). If {e1,...,en} is a basis of £1, then there exists a basis {f1,..., fn} of Lo
such that {e1,...,en; f1,..., fn} is a symplectic basis of (E,w).

Proof. 1t suffices to proceed as in the first case of the proof of Theorem 1.15 and
to construct an increasing sequence of sets

{er, fi} CHerseas fis fo} C - C{ersoooensfroe ooy ful}
such that Span{fi,..., fn} = {2 and w(fi,e;) = d;5 for 1 <4,j < n. O

Let us end this long subsection by stating a result on canonical coordinates
for a Lagrangian plane

Proposition 1.25. Let ¢ € Lag(E,w) and B ={e1,...,en; f1,--., fn} a symplectic
basis of (E,w). There exists I C {1,2,...,n} such that the restriction to £ of the
orthogonal projection Py : E — {1 is an isomorphism { — {ly; £; is the La-
grangian plane generated by the vectors e; and f; fori € I and j ¢ J. Denoting by
x;,p; the coordinates in the basis B, the Lagrangian plane £ can thus be represented
by equations x; =0, p; =0 withi € I and j ¢ J (“canonical coordinates”).

We omit the proof of this result here and refer to Maslov [119] or Mischenko
et al. [124]. Alternatively it can be derived from Corollary 1.23 by reducing the
proof to the case where (E,w) is the standard symplectic space.

1.3.2 The action of Sp(n) on Lag(n)

Let us prove the following important result on the action of Sp(n) and its subgroup
U(n) on the Lagrangian Grassmannian Lag(n).

Theorem 1.26. The action of U(n) and Sp(n) on Lag(n) has the following prop-
erties:

(i) U(n) (and hence Sp(n)) acts transitively on Lag(n): for every pair (€,£') of
Lagrangian planes there ezists U € U(n) such that £ = UX.

(ii) The group Sp(n) acts transitively on the set of all pairs of transverse La-
grangian planes: if (€1,4}) and (€2,04) are such that 64N =4, N =0,
then there exits S € Sp(n) such that ((2,¢5) = (St1,S?}).

Proof. (i) Let O = {e1,...,en} and O" = {€},...,el,} be orthonormal bases of ¢
and ', respectively. Then B = O U JO and B’ = O’ U JO' are orthosymplectic
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bases of (R2", o). There exists U € O(2n) such that U(e;) = e} and U(f;) = f/
where f; = Je;, f{ = Jei. We have U € Sp(n) hence

U € 0(2n)NSp(n) =U(n)
((2.11) in Proposition 2.12).

(ii) Choose a basis {e11,...,e1,} of £1 and a basis {f11,..., fin} of £} such that
{e1s, f1;}1<i j<n is a symplectic basis of (R2" ). Similarly choose bases of £ and
25, whose union {eg;, f2; b1<i j<n is also a symplectic basis. Define a linear mapping
S ]Rgn — Rgn by S(Bli) = €9; and S(fh) = fgi for 1 < 7 <n. We have S €
Sp(n) and (3, 0,) = (S¥y, S0}). O

We will see in the next section that the existence of an integer-valued function
measuring the relative position of triples of Lagrangian planes implies that Sp(n)
cannot act transitively on triples (and a fortiori,on k-uples, k > 3) of Lagrangian
planes.

For two integers ni,ny > 0 consider the direct sum

Sp(nl) D Sp(ng) = {(51,52) ;51 € Sp(nl),Sl S Sp(nl)}
equipped with the composition law

Setting n = ny + ng, then Sp(n1) @ Sp(ns2) acts on the Lagrangian Grassmannian
Lag(n). We have in particular a natural action

Sp(n1) @ Sp(nz) : Lag(n1) & Lag(nz2) — Lag(n1) ® Lag(nz)

where Lag(ny) @ Lag(nz) is the set of all direct sums ¢ ¢ ¢o with ¢; € Lag(ny),
{5 € Lag(ng); this action is defined by the obvious formula

(Sl ©® 52)@1 () Zz) = 5141 ® Sols.
Observe that Lag(ni) @ Lag(ng) is a subset of Lag(n):
Lag(ny) @ Lag(nz) C Lag(n)

since o1 @ oo vanishes on each ¢ @ 5.

1.4 The Signature of a Triple of Lagrangian Planes

In this section we introduce a very useful index which measures the relative posi-
tion of a triple of Lagrangian planes, due to Wall [174] and redefined by Kashiwara
(see Lion—Vergne [111]). Related notions are defined in Dazord [28] and Demazure
[29]. This index is a refinement of the notion of index of inertia of Leray [107] in
the sense that is defined for arbitrary triples, while Leray’s definition only works
when some transversality condition is imposed (the same restriction applies to the
index used in Guillemin—Sternberg [84]).
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1.4.1 First properties

Let us introduce the following terminology and notation: let @ be a quadratic form
on some real Euclidean space. The associated symmetric matrix M = D?Q (the
Hessian matrix of @) has u™ positive eigenvalues and ™~ negative eigenvalues. We
will call the difference u™ — p~ the signature of the quadratic form @ and denote
it by sign @Q:
signQ = pt —p”.

Definition 1.27. Let (£,¢,¢") be an arbitrary triple of Lagrangian planes in a
symplectic space (F,w). The “Wall-Kashiwara index” (or: signature) of the triple
(£,¢',0") is the signature of the quadratic form

Qz,7,2") = w(z,2) +w(z,2") + w(z", 2)
on ¢ @ ¢ @ ¢'. This signature is denoted by 7(¢, ¢, ¢").

Let us illustrate this definition in the case n = 1, with w = —det. The
quadratic form () is here

Q(z,2',2") = —det(z, 2') — det(2’, 2") — det (2", 2).

Choosing £ =lx =R, x 0, " =¢p =0x Ry, and ¢' = {, : p = ax, we have

/1,

Q= —axx’ —p'2' +p'x.
After diagonalization this quadratic form becomes
Q= 27?—(X?+ (signa)Y?)
and hence, by a straightforward calculation:

-1 if a>0,
T(Ux,la,lp) =< 0 if a=0, (1.20)
+1 if a<0

(this formula will be generalized to (R?",s) in Corollary 1.31). The signature
T(£,0',0") of three lines is thus 0 if any two of them coincide, —1 if the line ¢
lies “between” ¢ and ¢’ (the plane being oriented in the usual way), and +1 if it
lies outside. An essential observation is that we would get the same values for an
arbitrary triple £, ¢/, ¢” of lines having the same relative positions as £x, £,, {p
because one can always reduce the general case to that of the triple (¢x, 44, ¢p), by
using a matrix with determinant 1. Thus the signature is here what one sometimes
calls the “cyclic order” of three lines. We leave it to the reader to verify that the
following formula holds:

0—0 00" 0 — 0"
T(0,0,0") =2 —2 +2 . (1.21)
2 . 2 . 2T .
anti anti anti
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The line ¢ : zcosa + psina = 0 is here identified with § = 2« and []_.; is the

symmetrized integer part function, that is

anti

(Slanss = 2051~ [=s) . [s) =k if k<s<k+1

(for k an integer).
Let us now return to the general case. The following properties of the signa-
ture are immediate:

e 7 is Sp(E,w)-invariant: for every S € Sp(E,w) and ¢, ¢, ¢" € (Lag(E,w))?
we have
T(S, S0, S0y =T7(0,0,0") (1.22)
(because o(Sz,S2') = o(z,2'), and so on);

e 7 is totally antisymmetric: for any permutation p of the set {1, 2,3} we have

T(Co(1)s p(2)s lp(3) = (—1)"P)7 (0, £, €3) (1.23)
where sgn(p) = 0 if p is even, 1 if p is odd (this immediately follows from the
antisymmetry of o).

e Let 7" and 7" be the signature in Lag(FE’,w’) and Lag(E",w") respectively,
and 7 the signature in Lag(E,w) with (F,w) = (E',w') @& (E”,w"). Then
(0 © 8,0 © 65, 6 05) = /(6 6 65) + (6 £, )
for (¢4,05,04) € (Lag(E',w"))? and (¢4, ¢4,¢%) € (Lag(E",w"))3.

Remark 1.28. Cappell, Lee, and Miller [22] have shown the following truly remark-
able property: if (X, )n>1 is a family of functions x,, : (Lag(n))? — Z satisfying
the properties above, then each y,, is proportional to the Wall-Kashiwara signa-
ture 7, = 7 on Lag(n). Adding an appropriate normalization condition x,, is then
identified with 7.

Here are two results which sometimes simplify calculations of the signature:

Proposition 1.29. Assume that £N¢" = 0, then T(€,€,0") is the signature of the
quadratic form

Q' () =w(P, 0"z, 2) =w(, P(" £)2)

on ', where P(£,0") is the projection onto £ along " and P(£" ) =1 — P(¢,¢")
1s the projection on £ along £.

Proof. We have
Qz,7,2") =w(z,2) + w(Z',2") + w(z", 2)
w(z, P, 02" +w(PWU, 0"z, 2") + w2, 2)
WP, P, 0)2") —w(z — P, 2" — P, 0)2").
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Let wu =2 — P, 0", v = 2', v = 2" — P({",0)z’; the signature of @ is then
the signature of the quadratic form

(u, v/, u") — w(P ) P D) — w(u,u'),

hence the result since the signature of the quadratic form (u,w”) — w(u,u”) is
obviously equal to zero. (|

Proposition 1.30. Let (¢,¢',¢") be a triple of Lagrangian planes such that an £ =
LNl +ene’. Then T(£,0,0") =0.

Proof. Let E' C £N ¢ and E” C £ N£" be subspaces such that £ = E' & E”. Let
(z,2",2")y et xt x 1"

and write z = v/ +u”, (u,u’) € E' x E”. We have

and hence

Q(z,2',2"y =", ")+ o(,2") + a(z",u).
Since o(u',u") = 0 this is
Q(Z,Z/,ZI/) _ U(ZI o u/’z// . u//)

so that 7(¢,¢,¢") is the signature of the quadratic form (y',y"”) — o(y’,y”) on
¢/ x £"; this signature is equal to zero, hence the result. O

The following consequence of Proposition 1.29 generalizes formula (1.20):

Corollary 1.31. Let (E,w) be the standard symplectic space (R?",0). Let {x =
R"x0,¢p =0xR", and €4 = {(z,Ax), © € R"}, A being a symmetric linear
mapping R™ — R™. Then

T(lp,la,lx) =sign(A) , 7({x,la,lp) = —sign(A). (1.24)

Proof. Formulae (1.24) are equivalent in view of the antisymmetry of 7. In view
of the proposition above 7(¢p, £ 4, €x) is the signature of the quadratic form @’ on
{4 given by

QI(Z) = O'(P(EP,EA,E)()Z,P(fx,ép)z)

hence Q’'(z) = (z, Az) and the corollary follows. O
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1.4.2 The cocycle property of 7

Less obvious — but of paramount importance for the general theory of the Arnol’d—
Leray—Maslov index that we will develop in Chapter 3 — is the following “cocycle
property” of the Wall-Kashiwara signature, the first proof of which apparently
appeared in Lion—Vergne [111]; we are following the latter with a few simplifica-
tions. A precursor to 7 is Leray’s index of inertia of a triple of pairwise transverse
Lagrangian planes (see de Gosson [54, 57, 61] for a detailed study and compari-
son with the signature). Some authors call the Wall-Kashiwara signature “Maslov
triple index”; it is not a very good terminology because it is misleading since it
amounts, at the end of the day, to identifying cocycles and coboundaries as we
have explained in [54, 57].

Theorem 1.32. For {1,05,¢3,¢4 in Lag(E,w) we have
T(£1,£2,€3) — T(€2,€3,£4) + T(£1,£3,€4) — T(€1,€2,£4) = O (125)

Proof. We begin by rewriting the quadratic form Q defining 7 in a more tractable
form. Let ¢,¢',¢” be three arbitrary Lagrangian planes and choose a symplectic
basis

B={e,...,entU{f1,. .., fn}

of (E,w) such that
(Nly =0 Nty =10"Nk=0

where ¢y = Span{fi,..., fn}. Let dim F = 2n and write a vector z in the basis

B as
n n
2= miei+ Y pjifii
i=1 j=1
there exist symmetric matrices M, M’, M" such that
L:p=Mz , 0':p=Mz , 0":p=M'x
(Proposition 1.22, (ii)). The integer 7(¢,¢',¢") being a symplectic invariant, it is
the signature of the quadratic form
R(z,2,2") = o(x, Maz;2', Ma')+
0_<$I’MI$I;:E/I7M/I$I/) _"_ U(:’E”,M”LE”§$, M:E)
which we can rewrite after a straightforward calculation as
R(z, 2, 2") = %XTRX , X =(z,2',2")
where R is the symmetric matrix

0 M-M M'-M
R=|M-M 0 M’ — M
MI/_M MI_MI/ 0
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The quadratic form R has the same signature 7(¢, ¢, ¢'") as RoV for any invertible
matrix V; choosing

0 I I
V=11 0 I
I 1 0
the matrix of the quadratic form R oV is
M — M" 0 0
VTRV = 0 M"—M 0
0 0 M — M
and hence
T, 0, 0") = sign(M — M") + sign(M' — M") + sign(M" — M). (1.26)

The theorem now easily follows: writing, with obvious notation

T(£1,£2,€3) = Sign(M1 — MQ) + Sign(M2 — Mg) + SigH(Mg — Ml),
7(52,33,€4) = Sign(Mg — M3) + Sign(M3 — M4) + Sign(M4 - Mg),
7(51,33,€4) = sign(Ml — M3) + Sign(M3 — M4) + Sign(M4 — Ml),

we get, since sign(M; — M;) = —sign(M; — M;):
T(glv 62753) - T(€27£37 64) + T(glv 63754)
= sign(M; — Ms) + sign(Ms — My) + sign(My — My)

that is
T(l1, b2, 03) — T(l, 3, 04) + T (b1, €3,£4) = T({1,02,04). O

Formula (1.25) has the following combinatorial interpretation. Let us view the
Wall-Kashiwara index as a 2-cochain on Lag(F, w) and denote by 0 the “cobound-
ary operator” (see (9) in the Notation section in the Preface). Then, by definition
of 0,

0T (01,02, 03) = T(ly, 02, l3) — T(la, €3, 04) + T(C1,03,04) — T(L1, 2, L)

so that Theorem 1.32 can be restated in concise form as:

Ot =0, that is: T is 2-cocycle on Lag(n).

1.4.3 Topological properties of 7

Consider three lines ¢, ¢, ¢” through the origin in the symplectic plane. As dis-
cussed in the beginning of the section the signature 7(¢,¢',¢") determines the
relative positions of these lines. If we now move these three lines continuously, in
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such a way that their intersections do not change, the signature will remain un-
altered. The same property remains true in higher dimensions. To prove this, we
need the following elementary lemma which describes the kernel of the quadratic
form defining 7; in order to avoid a deluge of multiple “primes” in the proof
we slightly change notation and write (¢1, 2, ¢3) instead of (¢,¢',¢") so that the
defining quadratic form becomes

Q(z1, 22, 23) = 0(z1,22) + 0(22, 23) + 0(23, 21)

with (21,22,2:3) €l X by X 3.
Recall that the kernel of a quadratic form is the kernel of the matrix of the
associated bilinear form.

Lemma 1.33. Let Ker Q be the kernel of the quadratic form Q. There exists an
isomorphism

KerQ = (61 Nls) x (b2 Nls) x (L3N Ly). (1.27)
Proof. Let A be the matrix of ). The condition u € Ker @ is equivalent to
v Au =0 forall v € {1 x fy x l3. (1.28)
In view of the obvious identity
(u+v)A(u + ) =vAvT
valid for every w in Ker @, formula (1.28) is equivalent to the condition:
(u+v)A(u+ )T —vAvT =0 for all v € €1 x ly x U3 (1.29)
that is, to
Q(z1 + 21, 22 + 29, 23 + 23) — Q21 + 29, 23) (1.30)
= w(z1, z;) + w(z2, z:;) + w(zi + 29) + w(z;,z;a,) + w(z;, z1)

= w(21 — Z3, Zé) + w(Zz — Z1, Z:;) + w(z;; — ZQ,Z;)
=0.

Taking successively z; = z; = 0, 2, = 2z, = 0, and z, = z; = 0 the equality (1.30)
then implies

w(z1 — 23,29) = 0 for all z, € lo,

w(zg — 21,25) = 0 for all z; € l,

w(zg — 22, 25) = 0 for all z, € £,

hence, since ¢1, ¢, {3 are Lagrangian planes:

(2’3 — 22,21 — R3,R2 — Zl) € 61 X 62 X 63.
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It follows that

(Zl+2’272’3:2’1+(2’2723):(2’1723)4*22661“62,
(22423 —21 =20+ (23 —21) = (22 — 21) + 23 € LN L3,
(Z3+21—22223+(21—22):(23—22)+21Efg,ﬂfl.

The restriction to Ker @ of the automorphism of z3 defined by (21, 22, 23) +—
(21, 29, 3) with
zi = 21 + 29 — 23, zézzerZQ,le, z;:23+21722
is thus an isomorphism of Ker @ onto (£ N ¥2) x (€2 NL3) x (L3N 1y). O
We are now in position to prove the main topological property of the signa-
ture. Let us introduce the following notation: if k, k', k" are three integers such
that 0 < k, k', k" < n, we define a subset Lagi,k,7k,, (n) of Lag®(n) by
Lag} o o (B.w)={(6,¢' ") :dim(¢ne') =k,dim(¢' ne") =k, dim(¢" Ne)=k"}.
Proposition 1.34. The Wall-Kashiwara signature has the following properties:

(1) It is locally constant on each set Lagi7k,7k,, (E,w);

(ii) If the triple (€,0',0") move continuously in Lag®(E,w) in such a way that
dimé N, dimé Ne" = k', and dim ¢’ N ¢ do not change, then 7(¢, 0" ¢")
remains constant;

(iii) We have

70, 00"y =n+dimlNl +diml N +dim " N e mod2. (1.31)

Proof. Properties (i) and (ii) are equivalent since Lag(F,w) (and hence also
Lag®(E,w)) is connected. Property (iii) implies (i), and hence (ii). It is there-
fore sufficient to prove the congruence (1.31). Let A be the matrix in the proof of
Lemma 1.33. In view of the isomorphism statement (1.27) we have

rank(A4) = 3n — (dim N ¢ + dim ¢ N " + dim £ N £).

Let (7F,77) be the signature of A, so that (by definition) 7(¢,¢',¢") =7+ — 77;
since rank(A) = 7+ 4+ 77 we thus have

T(0, 0, 0") = rank(A) mod 2
hence (1.31). O

Remark 1.35. Define a 1-cochain dim on Lag(n) by dim(¢,¢") = dim(¢ N ¢'). In
view of the obvious relation

dimfNe +diml’ Ne" +diml” Né=dimfN ¢ —dimé N¢’ +dim¢”’N¢ mod?2,
we can rewrite formula (1.31) as
70,0, 0") = ddim(¢, ¢, ¢") , mod 2. (1.32)
For short: 7 = 0 dim, mod 2.



Chapter 2

The Symplectic Group

In this second chapter we study in some detail the symplectic group of a symplectic
space (E,w), with a special emphasis on the standard symplectic group Sp(n),
corresponding to the case (E,w) = (R?", 7).

There exists an immense literature devoted to the symplectic group. A few
classical references from my own bookshelf are Libermann and Marle [110],
Guillemin and Sternberg [84, 85] and Abraham and Marsden [1]; also see the first
chapter in Long [113] where the reader will find an interesting study of various
normal forms. The reader who likes explicit calculations with symplectic block ma-
trices will love Kauderer’s book [101], which deals with applications of symplectic
matrices to various aspects of mathematical physics, including special relativity.
Those interested in applications to the rapidly expanding field of quantum optics
could consult with profit the very nicely written pamphlet by Arvind et al. [5].

2.1 The Standard Symplectic Group

Let us begin by working in the standard symplectic space (R?", o).

Definition 2.1. The group of all automorphisms s of (R?", o) such that
o(sz,82') = 0(z,2")

for all z, 2 € R?" is denoted by Sp(n) and called the “standard symplectic group”
(one also frequently finds the notation Sp(2n) or Sp(2n,R) in the literature).

It follows from Proposition 1.9 that Sp(n) is isomorphic to the symplectic
group Sp(E, w) of any 2n-dimensional symplectic space.

The notion of linear symplectic transformation can be extended to diffeomor-
phisms:
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Definition 2.2. Let (E,w), (E’,w’) be two symplectic vector spaces. A diffeomor-
phism f : (E,w) — (E',w’) is called a “symplectomorphism!” if the differential
d.f is a linear symplectic mapping E — E’ for every z € E. [In the physical
literature one often says “canonical transformation” in place of “symplectomor-
phism” ]

It follows from the chain rule that the composition g o f of two symplecto-
morphisms f : (F,w) — (E',0’) and ¢ : (E',0') — (E”,w") is a symplecto-
morphism (F,w) — (E”,w”). When

(va) - (Elvw/) - (Rinva)

a diffeomorphism f of (R?", ) is a symplectomorphism if and only if its Jacobian
matrix (calculated in any symplectic basis) is in Sp(n). Summarizing:

f is a symplectomorphism of (R?", o)
<~
Df(z) € Sp(n) for every z € (R®",0).

It follows directly from the chain rule D(g o f)(z) = Dg(f(z)Df(z) that
the symplectomorphisms of the standard symplectic space (R?", o) form a group.
That group is denoted by Symp(n).

Definition 2.3. Let (F,w) be a symplectic space. The group of all linear symplec-
tomorphisms of (E,w) is denoted by Sp(F,w) and called the “symplectic group of
(E,w)”.

The following exercise produces infinitely many examples of linear symplec-
tomorphisms:

The notion of symplectomorphism extends in the obvious way to symplectic
manifolds: if (M, w) and (M’ w’) are two such manifolds, then a diffeomorphism f :
M — M’ is called a symplectomorphism if it preserves the symplectic structures
on M and M’, that is if f*w’ = w where f*w’ (the “pull-back of w’ by f) is
defined by

fro'(20)(2,2") = W' (f(20))((d20 f) Z, (d=, ) Z)

for every zo € M and Z,Z' € T,, M.

If f and g are symplectomorphisms (M,w) — (M',w’) and (M',w') —
(M" w"), then g o f is a symplectomorphism (M,w) — (M",w").

The symplectomorphisms (M, w) — (M, w) obviously form a group, denoted
by Symp(M,w), whose study is very active and far from being completed; see
[91, 114, 132]. We will study in some detail its subgroup Ham(n) later on.

IThe word was reputedly coined by J.-M. Souriau.
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2.1.1 Symplectic matrices

For practical purposes it is often advantageous to work in coordinates and to
represent the elements of Sp(n) by matrices.

Recall that definition (1.1) of the standard symplectic form can be rewritten
in matrix form as

0(z,2") = (2N Jz = (Jz,2') (2.1)

where J is the standard symplectic matrix
0 I
J = [ I 0 ] . (2.2)

Notice that J7 = —J and J? = —1.
Choose a symplectic basis in (R?",¢); we will identify a linear mapping s :
RZ" — R2" with its matrix S in that basis. In view of (2.1) we have

S eSp(n) = STJS=J
where S7 is the transpose of S. Since
det STJS = det S? det J = det J

it follows that det.S can, a priori, take any of the two values +1. It turns out,
however, that
S € Sp(n) = det S =1.

There are many ways of showing this; none of them is really totally trivial. Here is
an algebraic proof making use of the notion of a Pfaffian (we will give an alternative
proof later on). Recall that to every antisymmetric matrix A one associates a
polynomial Pf(A) (“the Pfaffian of A”) in the entries of A, what has the following
properties:

Pf(STAS) = (det S)Pf(A) , Pf(J)=1.
Choose now A = J and S € Sp(n). Since STJS = J we have

Pf(STJS) =detS =1

which was to be proven.

Remark 2.4. The group Sp(n) is stable under transposition: the condition S €
Sp(n) is equivalent to ST.JS = J; since S~1 also is in Sp(n) we have (S~1)TJS~! =
J; taking the inverses of both sides of this equality we get SJ~1S7 = J—1, that
is SJST = J, so that ST € Sp(n). It follows that we have the equivalences

S e Sp(n) <= STJS =J = SJST = J. (2.3)
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A symplectic basis of (R?", o) being chosen, we can always write S € Sp(n)
in block-matrix form
S— [A B} (2.4)

C D

where the entries A, B, C, D are n xn matrices. The conditions (2.3) are then easily
seen, by a direct calculation, equivalent to the two following sets of equivalent
conditions?:

ATC, B'D symmetric, and ATD - CTB =1, (2.5)
ABT, DT symmetric, and ADT — BCT = 1. (2.6)
It follows from the second of these sets of conditions that the inverse of S is
_ DT _pT

Example 2.5. Here are three useful classes of symplectic matrices: if P and L are,
respectively, a symmetric and an invertible n X n matrix, we set

Vp = [IP 9] , Up = [I]D é} , My = [LOI LOT:| : (2.8)
The matrices Vp are sometimes called “symplectic shears”.
It turns out — as we shall prove later on — that both sets
G={J}u{Vp:PeSymn,R)}U{M.:L e GL(n,R)}
and
G ={J}u{Up: PeSym(n,R)}U{M:L e GL(n,R)}

generate the symplectic group Sp(n).

The reader is encouraged to use conditions (2.5)—(2.6) in the two exercises
below. In the third exercise he is asked to prove that the matrices AA” + BBT
and CCT + DDT are invertible if S is symplectic.

Exercise 2.6. Show that the 2n x 2n matrix

5= [(IP P) IPQ}

is in Sp(n) if and only if P is an orthogonal projector (i.e., P2 = P and PT = P).

Exercise 2.7. Let X and Y be two symmetric n X n matrices, X invertible. Show
that

o [X+Yxly vx!
| xly X1

is a symplectic matrix.

2These conditions are sometimes called the “Luneburg relations” in theoretical optics.
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Exercise 2.8. Show that if the block-matrix (2.4) is symplectic, then

(i) A+iB and C +iD are invertible. [Hint: calculate (A + iB)(BT —iAT) and
assume that A + iB is not invertible.]

(ii) Deduce from (i) that if (2.4) is symplectic, then AAT +BB”T and CCT +DD7T
are invertible.

We can also form direct sums of symplectic groups. Consider for instance
(R?™ 1) and (R?"2,03), the standard symplectic spaces of dimension 2n; and
2n9; let Sp(n1) and Sp(nz) be the respective symplectic groups. The direct sum
Sp(n1) @ Sp(nz) is the group of automorphisms of

(R?",0) = (R*™ @ R?*™ 01 @ 05)
defined, for z; € R?™ and z, € R?"2, by
(51 @ s2)(21 D 22) = s121 D S222.
It is evidently a subgroup of Sp(n):
Sp(n1) @ Sp(nz) C Sp(n)

which can be expressed in terms of block-matrices as follows: let

o A1 Bl _ A2 B2
Sl = |:Cl D1:| and 52 = |:02 D2:|

be elements of Sp(n;) and Sp(nsg), respectively. Then

A 0 By O
0 A 0 By

ci 0 Dy 0
0 Cy 0 Dy

S1 DSy = € Sp(n1 + na). (2.9)

The mapping (57, S2) — S1 @ Sa thus defined is a group monomorphism
Sp(n1) ® Sp(n2) — Sp(n).

The elements of Sp(n) are linear isomorphisms; we will sometimes also con-
sider affine symplectic isomorphisms. Let S € Sp(n) and denote by T'(zg) the
translation z — 2z + 29 in R?". The composed mappings

T(20)S = ST(S '29) and ST(z) = T(Sz)S
are both symplectomorphisms, as is easily seen by calculating their Jacobians.
These transformations form a group.

Definition 2.9. The semi-direct product Sp(n)x sT(2n) of the symplectic group and
the group of translations in R2" is called the affine (or: inhomogeneous) symplectic
group, and is denoted by ISp(n).
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For practical calculations it is often useful to identify ISp(n) with a matrix
group:
Exercise 2.10. Show that the group of all matrices

S Z0
O1x2n 1

5.0 = |

is isomorphic to ISp(n) (here 01x2y, is the 2n-column matrix with all entries equal
to zero).

Let us now briefly discuss the eigenvalues of a symplectic matrix. It has
been known for a long time that the eigenvalues of symplectic matrices play a
fundamental role in the study of Hamiltonian periodic orbits; this is because the
stability of these orbits depends in a crucial way on the structure of the associated
linearized system. It turns out that these eigenvalues also play an essential role in
the understanding of symplectic squeezing theorems, which we study later in this
book.

Let us first prove the following result:

Proposition 2.11. Let S € Sp(n).

(i) If \ is an eigenvalue of S, then so are X\ and 1/ (and hence also 1/));
(i) if the eigenvalue A of S has multiplicity k, then so has 1/\.
(iii) S and S~ have the same eigenvalues.

Proof. (i) We are going to show that the characteristic polynomial Ps(A) =
det(S — AI) of S satisfies the reflexivity relation

Ps(A) = N2 Pg(1/)); (2.10)

Property (i) will follow, since for real matrices, eigenvalues appear in conjugate
pairs. Since ST.JS = J we have S = —J(ST)~1J and hence
Ps(\) = det(—J(ST)"1J — AI)
= det(—(ST)" LT + AI)
= det(—J + AS)
= A" det(S — A1)

which is precisely (2.10).

(ii) Let Péj ) be the jth derivative of the polynomial Pg. If A\ has multiplicity k;
then PY(\o) = 0 for 0 < j < k—1 and P () # 0. In view of (2.10) we also
have PY)(1/A) =0 for 0 < j < k—1 and P (1/X) #0.

Property (iii) immediately follows from (ii). O
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Notice that an immediate consequence of this result is that if +1 is an eigen-
value of S € Sp(n), then its multiplicity is necessarily even.

We will see in the next subsection (Proposition 2.13) that any positive-
definite symmetric symplectic matrix can be diagonalized using an orthogonal
transformation which is at the same time symplectic.

2.1.2 The unitary group U(n)

The complex structure associated to the standard symplectic matrix J is very
simple: it is defined by
(a+if)z=a+ pBJz
and corresponds to the trivial identification z = (z,p) = x+ip. The unitary group
U(n,C) acts in a natural way on (R?",0) (cf. Exercises 1.5 and 1.6) and that
action preserves the symplectic structure. Let us make this statement somewhat
more explicit:
Proposition 2.12. The monomorphism u : M(n,C) — M (2n,R) defined by u =
A+ 1B — p(u) with
A -B
p(u) = [ B A }

(A and B real) identifies the unitary group U(n, C) with the subgroup

U(n) = Sp(n) NO(2n,R) (2.11)
of Sp(n).
Proof. In view of (2.7) the inverse of U = u(u), u € U(n,C), is

_ AT BT
U= [_BT AT] = UTv

hence U € O(2n,R) which proves the inclusion U(n) C Sp(n) NO(2n,R). Suppose
conversely that U € Sp(n) N O(2n,R). Then

JU=UNH"ts=U0J
which implies that U € U(n) so that Sp(n) N O(2n,R) C U(n). O

We will loosely talk about U(n) as of the “unitary group” when there is no
risk of confusion; notice that it immediately follows from conditions (2.5), (2.6)
that we have the equivalences:

A+iB e U(n) (2.12)
<~

AT B symmetric and ATA+ BTB =1 (2.13)
<~

ABT symmetric and AAT + BBT =T, (2.14)
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of course these conditions are just the same thing as the conditions
(A+iB)"(A+iB)=(A+iB)(A+iB)" =1

for the matrix A 4 iB to be unitary.
In particular, taking B = 0 we see the matrices

R— [61 EJ with AAT — ATA =T (2.15)

also are symplectic, and form a subgroup O(n) of U(n) which we identify with the
rotation group O(n,R). We thus have the chain of inclusions

O(n) C U(n) C Sp(n).

Let us end this subsection by mentioning that it is sometimes useful to iden-
tify elements of Sp(n) with complex symplectic matrices. The group Sp(n,C) is
defined, in analogy with Sp(n), by the condition

Sp(n,C) = {M € M(2n,C) : MTJM = J}.

Let now K be the complex matrix

and consider the mapping
Sp(n) — Sp(n,C) , S+— S, = K 'SK.

One verifies by a straightforward calculation left to the reader as an exercise that
S. € Sp(n, C). Notice that if U € U(n), then

U o
v=[o o

We know from elementary linear algebra that one can diagonalize a symmet-
ric matrix using orthogonal transformations. From the properties of the eigenvalues
of a symplectic matrix follows that, when this matrix is in addition symplectic and
positive definite, this diagonalization can be achieved using a symplectic rotation:

Proposition 2.13. Let S be a positive definite and symmetric symplectic matriz.
Let M <--- < A\, <1 be the n smallest eigenvalues of S and set

A =diag[Mr, ..., An; 1/Ar ., 1/ M) (2.16)

There exists U € U(n) such that S = UTAU.
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Proof. Since S > 0 its eigenvalues occur in pairs (A, 1/\) of positive numbers
(Proposition 2.11); if A; < --- < A, are n eigenvalues then 1/Aq,...,1/)\, are the
other n eigenvalues. Let now U be an orthogonal matrix such that S = UTAU
with, A being given by (2.16). We claim that U € U(n). It suffices to show that
we can write U in the form

A -B
o=[5 7]
with
ABT =BTA | AAT + BB =I. (2.17)
Let ey, ..., e, be n orthonormal eigenvectors of U corresponding to the eigenvalues

Ay ..oy Ap. Since SJ = JS™! (because S is both symplectic and symmetric) we
have, for 1 < k <n,

1
SJep = JSilek = —Jeyg,
Aj
hence +Jey, ..., +Je, are the orthonormal eigenvectors of U corresponding to the
remaining n eigenvalues 1/, ..., 1/\,. Write now the 2nxn matrix (eq, ..., e,) as
]
le1,...,en] = B|
where A and B are n X n matrices; we have
[A] -B
[—Jer,...,—Jey| = —J B| = [ A ] ,
hence U is indeed of the type
A -B
U—[el,...,en;Jel,...,Jen]{B A}

The symplectic conditions (2.17) are automatically satisfied since UTU =1. [

An immediate consequence of Proposition 2.13 is that the square root of a
positive-definite symmetric symplectic matrix is also symplectic. More generally:

Corollary 2.14.
(i) For every a € R there exists a unique R € Sp(n), R >0, R = R”, such that
S = R
(ii) Conversely, if R € Sp(n) is positive definite, then R* € Sp(n) for every
a €R.
Proof. (i) Set R = UTAYU; then R* = UTAU = S.

(ii) Tt suffices to note that we have

R* = (UTAU)* = UTA®U € Sp(n). O
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2.1.3 The symplectic algebra

Sp(n) is a Lie group; we will call its Lie algebra the “symplectic algebra”, and
denote it by sp(n). There is a one-to-one correspondence between the elements of
sp(n) and the one-parameter groups in Sp(n). This correspondence is the starting
point of linear Hamiltonian mechanics.
Let
d : GL(2n,R) — R*"

be the continuous mapping defined by ®(M) = MTJM — J. Since S € Sp(n)
if and only if STJS = J we have Sp(n) = ®1(0) and Sp(n) is thus a closed
subgroup of GL(2n,R), hence a “classical Lie group”. The set of all real matrices
X such that the exponential exp(tX) is in Sp(n) is the Lie algebra of Sp(n); we
will call it the “symplectic algebra” and denote it by sp(n):

X €sp(n) < S, =exp(tX) € Sp(n) for all t € R. (2.18)

The one-parameter family (S;) thus defined is a group: S;Sp = Sy and S; R
S_y.

The following result gives an explicit description of the elements of the sym-
plectic algebra:

Proposition 2.15. Let X be a real 2n x 2n matriz.
(i) We have

Xespn) <= XJ+JXT=0= XTJ+JX =0. (2.19)

(ii) Fquivalently, sp(n) consists of all block-matrices X such that

v . T T
X—{W —UT} withV=V" and W =W+ (2.20)

Proof. Let (S¢) be a differentiable one-parameter subgroup of Sp(n) and a 2n x 2n
real matrix X such that S; = exp(tX). Since S; is symplectic we have S;J(S;)T =
J, that is

exp(tX)Jexp(tX ™) = J.

Differentiating both sides of this equality with respect to ¢t and then setting ¢t = 0
we get XJ 4+ JXT = 0, and applying the same argument to the transpose S7 we
get XTJ+JX = 0 as well. Suppose conversely that X is such that XJ+JXT =0
and let us show that X € sp(n). For this it suffices to prove that S; = exp(tX) is
in Sp(n) for every . The condition X7J + JX = 0 is equlvalent to XT = JXJ,
hence S{ = exp(tJXJ); since J? = —I we have (JXJ)* = (=1)¥1JX*J and

hence
oo

exp(tJXJ) Z
k=0

JXJ —Je X J.

kl
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It follows that
ST S, = (—Je ™ J)JeX = J

so that S; € Sp(n) as claimed. O

Remark 2.16. The symmetric matrices of order n forming an n(n + 1)/2-dimen-
sional vector space (2.20) implies, by dimension count, that sp(n) has dimension
n(2n + 1). Since Sp(n) is connected we consequently have

dim Sp(n) = dimsp(n) = n(2n + 1). (2.21)
The following exercise proposes to determine a set of generators of the Lie
algebra sp(n):

Exercise 2.17.
(1) Let Ajr = (djk)1<jh<n (0j5 = 01if j # k, ;5 = 1). Show that the matrices

o Ajk 0 ‘ _l 0 Ajk+Akj
Xﬂk_[o Ajk] ’ij_2[0 0 '
1 0 0
Zjk §|:Ajk+Akj 0} (1<j<k<n)

form a basis of sp(n).
(ii) Show, using (i) that every Z € sp(n) can be written in the form [X,Y] =
XY — YX with X,Y € sp(n).

One should be careful to note that the exponential mapping
exp : sp(n) — Sp(n)

is neither surjective nor injective. This is easily seen in the case n = 1. We claim
that
S=expX with X €sp(l) = TrS > —2. (2.22)

(We are following Frankel’s argument in [43].) In view of (2.20) we have X € sp(1)
if and only Tr X = 0, so that Hamilton-Cayley’s equation for X is just X2+l = 0
where A = det X. Expanding exp X in power series it is easy to see that

1
exp X = cos VI + ﬁsm\/XX it A>0,

1
exp X = coshv -\l + T

Since Tr X = 0 we see that in the case A > 0 we have

sinh vV—-AX if A <0.

Tr(exp X) = 2cos VA > —2

and in the case A < 0,
Tr(exp X) = 2cosh VA > 1.
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However:

Proposition 2.18. A symplectic matrix S is symmetric positive definite if and only
if S = exp X with X € sp(n) and X = XT. The mapping exp is a diffeomorphism

sp(n) N Sym(2n,R) — Sp(n) N Sym_ (2n,R)
(Sym_ (2n,R) is the set of positive definite symmetric matrices).

Proof. If X € sp(n) and X = X7 then S is both symplectic and symmetric
positive definite. Assume conversely that S is symplectic and symmetric posi-
tive definite. The exponential mapping is a diffeomorphism exp : Sym(2n,R) —
Sym , (2n,R) (the positive definite symmetric matrices) hence there exists a unique
X € Sym(2n,R) such that S = exp X. Let us show that X € sp(n). Since S = ST
we have SJS = .J and hence S = —JS~1J. Because —J = J~! it follows that

expX = J Hexp(—X))J = exp(—J ' XJ)

and J ' X J being symmetric, we conclude that X = J~'XJ, that is JX = —XJ,
showing that X € sp(n). O

We will refine the result above in Subsection 2.2.1, Proposition 2.22, by using
the Cartan decomposition theorem. This will in particular allow us to obtain a
precise formula for calculating X in terms of the logarithm of S = exp X.

2.2 Factorization Results in Sp(n)

Factorization (or “decomposition”) theorems for matrices are very useful since
they often allow us to reduce lengthy or complicated calculations to simpler typ-
ical cases. In this section we study three particular factorization procedures for
symplectic matrices.

2.2.1 Polar and Cartan decomposition in Sp(n)

Any matrix M € GL(m,R) can be written uniquely as M = RP (or PR) where R
is orthogonal and P positive definite: this is the classical polar decomposition the-
orem from elementary linear algebra. Let us specialize this result to the symplectic
case; we begin with a rather weak result:

Proposition 2.19. For every S € Sp(n) there exists a unique U € U(n) and a unique
R € Sp(n), R symmetric positive definite, such that S = RU (resp. S = UR).

Proof. Set R = STS and define U by S = (S7S)~1/2U; since (STS)~1/? € Sp(n)
in view of Corollary 2.14, we have U € Sp(n). On the other hand

UUT = (8T8)28sT(STS) A =1
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so that we actually have
U € Sp(n)NO(2n) =U(n).

That we can alternatively write S = UR (with different choices of U and R than
above) follows by applying the result above to S7. g

We are going to make Proposition 2.19 precise. For this we need a suitable
notion of logarithm for invertible matrices. Recall (Proposition A.2 in Appendix
A) that if K = R or C and M is an invertible m x m matrix with entries in K,
then there exists an m x m matrix L such that M = e*.

Let us define

0
Log M = / (A= M)"" = (A=1)""1]d (2.23)
it is straightforward to check that when m = 1 and M is a scalar A > 0 formula

(2.23) reduces to the usual logarithm Log .
Exercise 2.20. Show that more generally for any y > 0 we have
Log(A\) = (Log M. (2.24)
It turns out that formula (2.23) defines a bona fide logarithm for matrices
having no eigenvalues on the negative half-axis:

Proposition 2.21. Assume that M has no eigenvalues X\ < 0. Then

(i) Log M defined by (2.23) ewists;
(ii) We have
elosM — N (Log M)T = Log M™

and also
LogM™' = —~TLogM , Log(AMA™')= A(LogM)A™* (2.25)
for every invertible matriz A.

Proof. Tt is no restriction to assume that M = Al + N with A > 0 (¢f. the proof
of Proposition A.2 in Appendix A). Set

f(M) = / [(A=M)""—(A=1)""]dx

— 00

We have



40 Chapter 2. The Symplectic Group

and hence
0 1 1 2o 0 k—1 k
M) = — — ——— | Id — ) "N ) N
that is, calculating explicitly the integrals,
N (D
f(M) = (Log )T+ ~——(u"'N)
k=1
N (DR "
= (Logp)I + ) ——(u"'M —1I)".
k=1

Direct substitution of the sum in the right-hand side in the power series for the
exponential yields the matrix u='M; hence exp f(M) = M which we set out to
prove. Formulae (2.25) readily follow from definition (2.23) of the logarithm, and
so does the equality (Log M)T = Log MT. (]

The following consequence of Proposition 2.21, which refines Proposition
2.18, will be instrumental in the proof of the symplectic version of Cartan’s de-
composition theorem:

Proposition 2.22. If S € Sp(n) is positive definite, then X = Log S belongs to the
symplectic Lie algebra sp(n). That is, for every S € Sp(n) N Sym, (2n,R) (the set
of symmetric positive definite symplectic matrices) we have

S =g | LogS € sp(n).

Proof. Since S is symplectic we have S™! = JSTJ~!; taking the logarithm of
both sides of this equality, and using Proposition 2.21 together with the equality
J 1= —J we get

X = —J(Log ST)J~! = J(Log ST)J.

We claim that XJ + JX7T = 0; the result will follow. We have
XJ=—JLogST = (J ' (Log ST)J)J = —(Log S~ ')J
hence, using the fact that Log ST = (Log S)T,
XJ = (LogS)J = —-JXT
proving our claim. (|

Let us refine the results above by using Cartan’ decomposition theorem from
the theory of Lie groups (see Appendix A):

Proposition 2.23. Every S € Sp(n) can be written S = Ue™ where U € U(n) and
X = 1 Log(STS) is in sp(n) N Sym(2n, R).

)
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Proof. The symplectic matrix S7'S has no negative eigenvalues, hence its loga-
rithm Log(STS) exists and is in sp(n) in view of Proposition 2.22; it is moreover
obviously symmetric. It follows that X € sp(n) and hence eX and R are both in
Sp(n). Since we also have U € O(2n) in view of Cartan’s theorem, the proposition
follows since we have Sp(n) N O(2n) = U(n). O

A first consequence of the results above is that the symplectic group Sp(n)
is contractible to its subgroup U(n) (which, by the way, gives a new proof of the
fact that Sp(n) is connected):

Corollary 2.24.

(i) The standard symplectic group Sp(n) can be retracted to the unitary group

U(n).

(ii) The set Sp(n) N Sym, (2n,R) is contractible to a point.
Proof. (i) Let t — S(t), 0 <t < 1, be a loop in Sp(n); in view of Proposition 2.23
we can write S(t) = U(t)eX®) where U(t) € U(n) and X (t) = 3 Log(ST(t)S(1)).
Since t —— S(¢) is continuous, so is t — X (¢) and hence also t — U (t). Consider
now the continuous mapping h : [0,1] x [0,1] — Sp(n) defined by

h(t,t) =U@#)eMX®O o<t <t <1.
This mapping is a homotopy between the loops ¢t — h(t,0) = S(t) and ¢t —
h(t,1) = R(t); obviously h(t,t") € Sp(n) hence (i).
Part (ii) follows, taking R(t) = 1 in the argument above. O

This result can actually be proven without invoking the consequences of
Cartan’s theorem:

Exercise 2.25. Prove that U(n) is a deformation retract of Sp(n) using symplectic
diagonalization (Proposition 2.13).

It follows from Corollary 2.24 that the fundamental group 71 [Sp(n)] is iso-
morphic to 71 [U(n, C)], that is to the integer group (Z, +). Let us make a precise
construction of the isomorphism 7 [Sp(n)] = m1[U(n, C)].

Proposition 2.26. The mapping A : Sp(n) — St defined by A(S) = detu where
u is the image in U(n,C) of U = S(STS)~1/2 € U(n) induces an isomorphism

A :m[Sp(n)] = m[U(n, C)]
and hence an isomorphism m1[Sp(n)] = 71[S] = (Z, +).
Proof. In view of Corollary 2.24 above and its proof, any loop t — S(t) =
R(t)eX® in Sp(n) is homotopic to the loop t — R(t) in U(n). Now ST (t)S(t) =
e2X(®) (because X (t) is in sp(n) N Sym(2n,R)) and hence

R(t) = S(6)(ST(t)S(1)) /2.
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~

The result follows, composing A, with the isomorphism 71 [U(n,C)] & m[S?]
induced by the determinant map (see Lemma 3.6 in Chapter 3, Subsection 3.1.2).
O

Let us next study two useful factorizations of symplectic matrices that will
be used several times in the rest of this book: the so-called “pre-Iwasawa fac-
torization”, reminiscent of the Iwasawa decomposition in Lie group theory, and
factorization by free symplectic matrices. The latter will play an important role
in the theory of the metaplectic group in Chapter 7.

2.2.2 The “pre-Iwasawa” factorization

We denote by St(¢) the stabilizer (or: isotropy subgroup) of ¢ € Lag(n) in Sp(n): it
is the subgroup of Sp(n) consisting of all symplectic matrices S such that S¢ = ¢.

Exercise 2.27. Show that if £, ¢’ € Lag(n), then the stabilizers St(¢) and St(¢') are
conjugate subgroups of Sp(n).

Exercise 2.28. Show that the stabilizer of {p = 0 x R™ in Sp(n) consists of all
matrices S = Vp M|, where Vp and My, are defined by (2.8). educe from this that
St(¢) has two connected components.

Let us now prove:

Proposition 2.29. Every S € Sp(n) can be written (uniquely) as a product S = RU
(resp. S = UR) where R € St({) and U € U(n).

Proof. We begin by noting that S € St(¢) if and only if ST € St(J¢). Assume in
fact that S¢ = ¢; since ST JS = J we have (ST)~1J¢ = JS¢ = J¢, hence (ST)~! €
St(Jl); since St(Jl) is a group we also have ST € St(Jf). This shows that if
S € St(¢) then ST € St(J¢). In the same way ST € St(J¢) implies S € St({),
hence the claim. Let us now prove the statement of the proposition. Since U(n)
acts transitively on Lag(n) there exists U € U(n) such that ST (J¢) = UL (J¢) and
hence ST = UT'S; for some S; € St(J¢). By transposition we have S = RU where
R = ST and hence R € St(¢). O

Write now S € Sp(n) in the usual block-form:

S= {é g} . (2.26)

Taking into account Exercise 2.28 above, it follows from Proposition 2.29 that S
can always be factored as

s=le 3l A K



2.2. Factorization Results in Sp(n) 43

where P = PT and X +iY is unitary. The following result gives explicit formulae
for the calculation of P, L, X and Y; it shows that L can actually be chosen
symmetric:

Corollary 2.30. Let S be the symplectic matriz (2.26).

(i) S can be written, in a unique way, as the product

AR £ I

where P=PT, L=LT, X and Y are given by the formulae

P = (CAT + DBT)(AAT + BBT)™!, (2.28)
L = (AAT + BBT)Y/2, (2.29)
X +iY = (AAT + BBT)"Y2(A +iB). (2.30)
(ii) Fquivalently:
L 0][Xx Y
s=[5 2[5 Y )

with L as in (2.29) and Q = PL that is:
Q = (CAT + DBT)(AAT + BBT)~1/2, (2.32)

Proof. Part (ii) of the corollary immediately follows from the formulae (2.27)-
(2.27). Let us prove (i). Expanding the matrix product in the right-hand side of
(2.27) we see that we must have A = LX and B = LY. These conditions, together
with the fact that X +4Y is unitary, imply that

AAT + BB = L(XXT +YY")LT = LL7,

hence det(AAT + BBT) # 0 (cf. Exercise 2.8). Let us choose L and X +iY as
in formulas (2.29), (2.30). The matrix L is then evidently symmetric and we have
X +14Y € U(n,C); to prove the corollary it thus suffices to show that

I lEE .

where P is given by (2.28); we notice that the matrix P is then automatically
symmetric since the condition

L]; ?] € Sp(n)

is equivalent to P = P (see the conditions (2.6) characterizing symplectic ma-
trices). Expanding the product on the left-hand side of (2.33) this amounts to
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verifying the group of equalities

CXTL '+ DYTL ! = (AT + DBT)(AAT + BBT) ™!,

AXTL '+ BYT"L ' = —cY"L+ DXTL =1,
—AYTL+ BXTL =0.

Now, taking formulae (2.29) and (2.30) into account,

CXTL '+ DYTL™' =CAT(AAT + BBT)™' + DB (AA” + BBT) ™,

that is

CXTL '+ DYTL ! = (CAT + DBT)(AAT + BBT)™!

which verifies the first equality. Similarly,

AXTL™' 4+ BYTL™' = AAT(AAT + BBY)™' + BB (AAT + BBT)™ !,

that is
AXTL '+ BYTL ' =1.

We also have
—COYTL+DXTL=-CBT + DAT =1

(the second equality because S is symplectic in view of condition (2.6)); finally

—AYTL + BXTL = -ABT + BAT =0

using once again condition (2.6).

|

Remark 2.31. When the symplectic matrix S in addition is symmetric, it is of the

type

S_[;T g] , A=AT and D= D"

and the formulas (2.28), (2.29), (2.30) take the very simple form
P = (AB + BD)(A? + B*)™,
L = (AQ +B2)1/2,
X +iY = (A2 + B®)"Y2(A+iB).

Exercise 2.32. Verify formulae (2.28)—(2.30) in the case n = 1, ¢

[“ b] with ad — be = 1.
c d

(2.34)
(2.35)
(2.36)

.e., when S =
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2.2.3 Free symplectic matrices

The notion of free symplectic matrix plays a very important role in many practical
issues. For instance, it is the key to our definition of the metaplectic group. A
noticeable fact is, in addition, that every symplectic matrix can be written as the
product of exactly two free symplectic matrices.

Definition 2.33. Let ¢ be an arbitrary Lagrangian plane in (R?", o) and S € Sp(n).
We say that the matrix S is “free relatively to 7 if S¢N¢ = 0. When ¢ = {p = OxRR}
we simply say that S is a “free symplectic matrix”.

That it suffices to consider free symplectic matrices up to conjugation follows
from the next exercise:

Exercise 2.34. Show that S € Sp(n) is free relatively to ¢ if and only if S; 'Sy is
a free symplectic matrix for every Sy € Sp(n) such that Sof = £p.

Writing S as a block-matrix one has:

S = {g g] is free <= det B # 0. (2.37)

Suppose in fact that z € S€p N {p; this is equivalent to x = 0 and Bp = 0, that is
to z = 0. It follows from condition (2.37) that

S is free <= det <g—;(zo)> # 0. (2.38)

This suggests the following extension of Definition 2.33:

Definition 2.35. Let f be a symplectomorphism of (R?", ¢) defined in a neighbor-
hood of some point z5. We will say that f is free at the point zq if det (0x/9p’(20)) #
0. Equivalently: the symplectic matrix S = D f(z) is free.

The equivalence of both conditions follows from the observation that the
Jacobian matrix o B
b7 (20) 3—5(20)1
) )
a—f/(zo) a,f/ (Zo)

is indeed free if and only if its upper right corner g—;,(zo) is invertible.

Df(z0) = l

A very useful property is that every symplectic matrix is the product of two
free symplectic matrices. This is a particular case of the following very useful
result which will yield a precise factorization result for symplectic matrices, and
is in addition the key to many of the properties of the metaplectic group we will
study later on:

Proposition 2.36. For every (S,0y) € Sp(n) x Lag(n) there exist two matrices
S1,S8% such that S = 5152 and S10y N Ly = Soly N by = 0. In particular, choosing
by = Up, every symplectic matriz is the product of two free symplectic matrices.
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Proof. The second assertion follows from the first choosing £p = 0 x R}. Recall
that Sp(n) acts transitively on the set of all pairs (¢, ¢') such that £N¢’ = 0. Choose
¢ transverse to both £y and S¢. There exists S; € Sp(n) such that Sy (£, ') =
(¢, S4y), that is S1y = ¢’ and S€y = S1¢'. Since Sp(n) acts transitively on Lag(n)
we can find S5 such that ¢ = S5¢y, and hence S¥y = S1.550y. It follows that there
exists S” € Sp(n) such that S"¢y = £y and S = S1555". Set Sy = 545”; then
S = 5159 and we have

S1lo Nty :Zlﬁéo =0, SylogNity= Séfoﬁfo :Zlﬂéo =0.
The proposition follows. O

Another interesting property of free symplectic matrices are that they can
be “generated” by a function W defined on R} x R”, in the sense that:

(x,p) = S(2',p) <= p=0,W(x,2') and p' = =0, W (z,2'). (2.39)
Suppose that
A B
o r -

is a free symplectic matrix. We claim that a generating function for S is the
quadratic form

W(z,2') = (DB 'z,2) — (B 'z,2') + L (B"" Az’ ,2'). (2.41)
In fact,
0uW (x,2') = DB 'a — (B~ 1T/,
OpW(z,2') = =B~ '’ + B~' Aa/
and hence, solving in x and p,
x=Ax' +Bp , p=Cz' + Dyp'.

Notice that the matrices DB~! and B~ A are symmetric in view of (2.5)); in fact
if conversely W is a quadratic form of the type

W(va/) = % <P$7I> - <LI,I/> + % <QI/7I/> (242)
with P = PT, Q = QT, and det L # 0, then the matrix
L7'Q Lt
Sw = (2.43)

|\PL'Q-LT L'P

is a free symplectic matrix whose generating function is (2.42). To see this, it
suffices to remark that we have

(z,p) = Sw(z',p)) <= p=Pzx— LTz and p' = Lz — Qa’

and to solve the equations p = Pz — L2’ and p/ = Lz — Q' in z, p.
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If Sy is a free symplectic matrix, then its inverse (Sy/)~! is also a free
symplectic matrix, in fact:

(Sw) ™t =Sw- , WHx,2')=-W(, 2). (2.44)
This follows from the observation that if

A B
SSW[C D]

=% ]
w 7cT AT

(see (2.7)) is also free; it is generated by the function
W*(z,2') = =3 (AT (BT)'a,z) + ((B") 'x,2’) — L ((BT)"'D"2/,2")
:f% <B_1Az,:17>+<B x',x> < x,x>
=-W(, ).

is free then its inverse

There is thus a bijective correspondence between free symplectic matrices in
Sp(n) and quadratic polynomials of the type W above. Since every such polynomial
is determined by a triple (P, L, @), P and Q symmetric and det L # 0, it follows
that the subset of Sp(n) consisting of all free symplectic matrices is a submanifold
of Sp(n) with dimension (n + 1)(2n — 1). In particular, Spy(n) has codimension 1

in Sp(n).
An element of ISp(n) is free if it satisfies (2.38); let us characterize this
property in terms of generating functions:

Proposition 2.37. Let [S, zo] be an affine symplectic transformation. Then:

(1) [S, 20] is free if and only if S is free: S = Sw. A free generating function of
f=T(20) o Sw is the inhomogeneous quadratic polynomial

W, (z,2") = W(x — x9,2") + (po, z) (2.45)

(z0 = (x0,p0)) where W is a free generating function for S.
(ii) Conversely, if W is the generating function of a symplectic transformation
S, then any polynomial

W, (z,2') = W(x,2') + {a,z) + (o/, 2) (2.46)

(o, @/ € R?) is a generating function of an affine symplectic transformation,
the translation vector zo = (xo,po) being

(20, po) = (Ba, Da + 3) (2.47)

A B
when S = [C D}



48 Chapter 2. The Symplectic Group

Proof. Let W, be defined by (2.45), and set
(xl’pl) = S<$I/’pll)7 (‘T7p) = T<ZO)(wl7p/)'
We have

(pdl’ _ p”dx”) + (p”dl’” _ p/dirl)
(pdx — (p — po)d(z — xo) + dW (2", 2)
d({po, x) + W (x — x9, "))

pdx — p'dx’ =
which shows that W, is a generating function. Finally, formula (2.47) is obtained

by a direct computation, expanding the quadratic form W (x — x¢, z’) in its vari-
ables. ]

Corollary 2.38. Let f = [Sw,z20] be a free affine symplectic transformation, and
set (x,p) = f(a',p"). The function ®,, defined by

Dy (z,2") = ${p,z) — 3(p', 2’ + 30(2, 20) (2.48)
1s also a free generating function for f; in fact:
O, (v,2') = W, (x,2") + % {po, o) - (2.49)
Proof. Setting (2", p"") = S(x,p), the generating function W satisfies
W(z",a") = 5(p",2") — 5(0',2"))

in view of Euler’s formula for homogeneous functions. Let ®,, be defined by for-
mula (2.48); in view of (2.45) we have

WZO(?L’,CL’/) - q)zo<$7xl) = %<p0»$> - %<p’ .%'0> - %<p0,$0>

which is (2.49); this proves the corollary since all generating functions of a sym-
plectic transformation are equal up to an additive constant. O

We are going to establish a few factorization results for symplectic matrices.
Recall (Example 2.5) that if P and L are, respectively, a symmetric and an
invertible n X n matrix, then

I 0 -P I L=t 0
Proposition 2.39. If S is a free symplectic matriz (2.37), then

S = V,DB—lMBfl U*B*IA (251)

and
S: V_DBflMBfljv_BflA. (252)



2.2. Factorization Results in Sp(n) 49

Proof. We begin by noting that

I 0][B 0 B'A I
5= [DBl 1} {o DBlAC} [ ~I 0} (2:53)

for any matrix (2.37), symplectic or not. If now S is symplectic, then the middle
factor in the right-hand side of (2.53) also is symplectic, since the first and the
third factors obviously are. Taking the condition ADT — BCT = [ in (2.6) into
account, we have DB~'A — C = (BT)~!and hence

[]3) DBlOAC’} - {]g (Bg)l]

oo B WAL e

The factorization (2.51) follows (both DB~ and B~!A are symmetric, as a con-
sequence of the relations BT D = DT B and BT A = ATB in (2.5)). Noting that

e |

the factorization (2.52) follows as well. O

so that

Conversely, if a matrix S can be written in the form V_pMJV_gq, then it
is a free symplectic matrix; in fact:

L1Q L1

S =Sy =
PL-lQ - LT L-'p

(2.55)

as is checked by a straightforward calculation.

From this result together with Proposition 2.36 follows that every element
of Sp(n) is the product of symplectic matrices of the type Vp, My, and J. More
precisely:

Corollary 2.40. Fach of the sets
{Vp,My,J:P=P", detL#0} and {Up,Mp:P =P detL#0}
generates Sp(n).

Proof. Taking £, = 0 x R™ in Proposition 2.36 every S € Sp(n) is the product of
two free symplectic matrices. It now suffices to apply Proposition 2.39. g
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Let us finally mention that the notion of free generating function extends
without any particular difficulty to the case of symplectomorphisms; this will be
useful to us when we discuss Hamilton—Jacobi theory. Suppose in fact that f is
a free symplectomorphism in some neighborhood U of a phase space point. We
then have dp A dx = dp’ A dx’ and this is equivalent, by Poincaré’s lemma, to the
existence of a function G € C°°(R?") such that

pdzx = p'dx’ + dG(x',p’).

Assume now that Df(z') is free for z’ € U; then the condition det(dxz/dp’) # 0
implies, by the implicit function theorem, that we can locally solve the equation
x =z(2',p') in p/, so that p’ = p/(z,2') and hence G(2/,p') is, for («/,p’) € U, a
function of z, 2’ only: G(2/,p’) = G(a/,p'(z,2")). Calling this function W:

W(z,a') = G(a',p'(z,2"))
we thus have
pdx = p'dx’ + dW (x,2") = p'dx’ + 0, W (z,2")dx + O W (x, 2" )d2’

which requires p = 9, W (z,2’) and p’ = —0, W (x,2") and f is hence free in . The
proof of the converse goes along the same lines and is therefore left to the reader.
Since f is a symplectomorphism we have dp Adx = dp’ Adz’ and this is equivalent,
by Poincaré’s lemma, to the existence of a function G € C*°(R?") such that

pdx = p'dx’ + dG (', p').

Assume now that Df(z') is free for z’ € U; then the condition det(dz/dp’) # 0
implies, by the implicit function theorem, that we can locally solve the equation
x = z(2',p') in p/, so that p’ = p/(z,2') and hence G(2/,p') is, for («/,p’) € U, a
function of z, 2’ only: G(2/,p") = G(2/,p'(z,2")). Calling this function W:

W(z,2") = G, p (x,2"))
we thus have
pdx = p'dx’ + dW (z,2") = p'da’ + 0, W (z,2")dx + 0 W (x, 2")da’

which requires p = 0, W (z,2’') and p’ = —0,,W (x,2’) and f is hence free in . The
proof of the converse goes along the same lines and is therefore left to the reader.

2.3 Hamiltonian Mechanics

Physically speaking, Hamiltonian mechanics is a paraphrase (and generalization!)
of Newton’s second law, popularly expressed as “force equals mass times accelera-
tion®”. The symplectic formulation of Hamiltonian mechanics can be retraced (in
embryonic form) to the work of Lagrange between 1808 and 1811; what we today
call “Hamilton’s equations” were in fact written down by Lagrange who used the

3This somewhat unfortunate formulation is due to Kirchhoff.
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letter H to denote the “Hamiltonian” to honor Huygens* — not Hamilton, who
was still in his early childhood at that time! It is however undoubtedly Hamilton’s
great merit to have recognized the importance of these equations, and to use them
with great efficiency in the study of planetary motion, and of light propagation.

Those eager to learn how physicists use Hamiltonian mechanics are referred
to the successive editions (1950, 1980, 2002) of Goldstein’s classical treatise [53]
(the last edition with co-workers). Here are a few references for Hamiltonian me-
chanics from the symplectic viewpoint: one of the first to cover the topic in a rather
exhaustive way are the books by Abraham and Marsden [1], and Arnol’d [3]; a
very complete treatment of “symplectic mechanics” is to be found in the treatise
by Libermann and Marle [110] already mentioned in Chapter 1; it contains very
detailed discussions of some difficult topics; the same applies to Godbillon’s little
book [50]. In [64] we have given a discussion of the notion of “Maxwell Hamilto-
nian” following previous work of Souriau and others.

2.3.1 Hamiltonian flows

We will call “Hamiltonian function” (or simply “Hamiltonian”) any real function
H € C*(R?" x R;) (although most of the properties we will prove remain valid
under the assumption H € C¥(R?" x R;) with k > 2: we leave to the reader as an
exercise in ordinary differential equations to state minimal smoothness assump-
tions for the validity of our results).

The Hamilton equations

i;(t) = Op, H(x(t),p(t), 1) , p;(t) = =0, H(x(t),p(t), 1) (2.56)
associated with H form a (generally non-autonomous) system of 2n differential
equations. The conditions of existence of the solutions of Hamilton’s equations,
as well as for which initial points they are defined, are determined by the theory
of ordinary differential equations (or “dynamical systems”, as it is now called).
See Abraham-Marsden [1], Ch. 1, §2.1, for a general discussion of these topics,
including the important notion of “flow box”.

The equations (2.56) can be written economically as

2= Jo,H(z,1t) (2.57)
where J is the standard symplectic matrix. Defining the Hamilton vector field by
Xy =J0,H = (0,H,—0,H) (2.58)

(the operator JO, is often called the symplectic gradient), Hamilton’s equations

are equivalent to
o(Xu(z,t),:)+d.H=0. (2.59)

In fact, for every 2z’ € R2",
o(Xu(z,t),2") = = (0. H(z,t),2") — (0,H(2,t),p') = — (0, H(z,t),2")

4See Lagrange’s Mécanique Analytique, Vol. I, pp. 217-226 and 267-270.
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which is the same thing as (2.59). This formula is the gate to Hamiltonian mechan-
ics on symplectic manifolds. In fact, formula (2.59) can be rewritten concisely as

ixyo+dH =0 (2.60)
where iy, (. is the contraction operator:

iXH(_7t)cr(z)(z’) =o(Xy(z,t),2").

The interest of formula (2.60) comes from the fact that it is intrinsic (i.e., in-
dependent of any choice of coordinates), and allows the definition of Hamilton
vector fields on symplectic manifolds: if (M,w) is a symplectic manifold and
H € C*(M x R;) then, by definition, the Hamiltonian vector field Xg(-,¢) is
the vector field defined by (2.60).

One should be careful to note that when the Hamiltonian function H is
effectively time-dependent (which is usually the case) then X is not a “true”
vector field, but rather a family of vector fields on R?" depending smoothly on the
parameter t. We can however define the notion of flow associated to Xp:

Definition 2.41. Let ¢t — z; be the solution of Hamilton’s equations for H passing
through a point z at time ¢ = 0, and let f be the mapping R?" — R2" defined
by fH(z) = 2. The family (f#) = (fH)ier is called the “flow determined by the
Hamiltonian function H” or the “flow determined by the vector field Xg”.

A caveat: the usual group property

fE=1, fFoff=rH, . () =14 (2.61)

of flows only holds when H is time-independent; in general f o fif # fH, and
(fH)~t # fH (but of course we still have the identity f& = TI).

For notational and expository simplicity we will implicitly assume (unless
otherwise specified) that for every 2o € R2" there exists a unique solution t — 2
of the system (2.57) passing through zo at time ¢ = 0. The modifications to
diverse statements when global existence (in time or space) does not hold are
rather obvious and are therefore left to the reader.

As we noted in previous subsection the flow of a time-dependent Hamiltonian
vector field is not a one-parameter group; this fact sometimes leads to technical
complications when one wants to perform certain calculations. For this reason it
is helpful to introduce two (related) notions, those of suspended Hamilton flow
and time-dependent Hamilton flow. We begin by noting that Hamilton’s equations
2= JJ,H(z,t) can be rewritten as

d .
7)) = X (2(1), 1) (2.62)

where

Xy = (JO.H,1) = (0,H, —0,H,1). (2.63)
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Definition 2.42.
(i) The vector field Xy on the “extended phase space”

2n+1 _ m2n
Rz,t = RZ X Rt

is called the “suspended Hamilton vector field”; its flow (ftH) is called the
“suspended Hamilton flow” determined by H.
(ii) The two-parameter family of mappings R?® — R2" defined by the formula

(FE.().t) = fEL (2, t) (2.64)
is called the “time-dependent flow” determined by H.
Notice that by definition ﬁH thus satisfies

# = Xu(fh). (2.65)

The point with introducing X is that it is a true vector field on extended
phase-space the while Xy is, as pointed out above, rather a family of vector
fields parametrized by t as soon as H is time-dependent. The system (2.65) being
autonomous in its own right, the mappings ﬁH satisfy the usual group properties:

ftHofg?:ftI-{-t’ ’ (ftH)ilz ~£{t ’ ~OHZI' (2'66)

Notice that the time-dependent flow has the following immediate interpretation:
f#, is the mapping R2" — R2" which takes the point z’ at time ' to the point
2 at time t, the motion occurring along the solution curve to Hamilton equations
z2 = J0,H(z,t) passing through these two points. Formula (2.64) is equivalent to

ftH (ZI’ tl) = (fgt’,t’(zl)vt + t/)' (2'67>

Note that it immediately follows from the group properties (2.66) of the
suspended flow that we have:

ftI,{t’ = I 5 ftl,{t’ 9 ftI/{)t// = ftl,{t” 5 (ft{{t/)_l = ftI/{,t (268)

for all times ¢,¢ and t’. When H does not depend on ¢t we have f,ﬁ, =fE,;in
particular f = f.

Let H be some (possibly time-dependent) Hamiltonian function and fH =
ffo. We say that f is a free symplectomorphism at a point zo € R2"™ if D fH (2)
is a free symplectic matrix. Of course f is never free at t = 0 since fI’ is the
identity. In Proposition 2.44 we will give a necessary and sufficient condition for
the symplectomorphisms f,ﬁ, to be free. Let us first prove the following lemma,
the proof of which makes use of the notion of generating function:

Lemma 2.43. The symplectomorphism f : R?2" — R2™ is free in a neighborhood
U of zo € R?™ if and only if Df(2') is a free symplectic matriz for 2’ € U, that is,
if and only if det(dz/0p’) # 0.
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Proof. Set z = f(2'); we have

ox ox
7-(Z) =)
Df(z) = %:}vj %7]99 »

ox’ () ap’
and the symplectic matrix D f(z) is thus free for z’ € U if and only if

ox

det a_p/

(/) # 0.

We next make the following crucial observation: since f is a symplectomorphism
we have dp A dr = dp’ A dx’ and this is equivalent, by Poincaré’s lemma, to the
existence of a function G € C*°(R?") such that

pdx = p'dx’ + dG (', p').

Assume now that Df(z) is free for z’ € U; then the condition det(dz/dp’) # 0

implies, by the implicit function theorem, that we can locally solve the equation

x =z(2',p') in p/, so that p’ = p/(z,2') and hence G(2/,p') is, for («/,p’) € U, a

function of z, 2’ only: G(2/,p") = G(2/,p'(z,2")). Calling this function W:
W(z,2") = G, p' (x,2"))

we thus have

pdx = p'dx’ + dW (x,2") = p'dx’ + 0, W (z,2")dx + O W (x, 2" )d2’

which requires p = 9, W (z,2’) and p’ = —9,W(x,2') and f is hence free in U.
The proof of the converse goes along the same lines and is therefore left to the
reader. 0

We will use the notation Hp,,, Hy,, and H,, for the matrices of second deriva-
tives of H in the corresponding variables.

Proposition 2.44. There exists ¢ > 0 such that fH is free at zg € R2" for 0 <
[t —to| < e if and only if det Hpp(20,t0) # 0. In particular there exists € > 0 such
that fH(20) is free for 0 < |t| < e if and only if det Hpp(20,0) # 0.

Proof. Let t — 2(t) = (z(t), p(t)) be the solution to Hamilton’s equations
&t =0,H(z,t) , p=—0.H(z,1)
with initial condition z(tg) = 2. A second-order Taylor expansion in ¢ yields

2(t) = 20 + (t — to) Xn (20, to) + O((t — t0)?);
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and hence
.%'(t) =x9 + (t - to)apH(Zo,to) + O((t - t0)2).
It follows that
Oz (t)
Ip
hence there exists £ > 0 such that d0x(t)/9p is invertible in [ty — &, to[N]to, to + €]

if and only if Hp,(20,%0) is invertible; in view of Lemma 2.43 this is equivalent to
saying that f/ is free at 2. O

= (t — to)Hpp (20, to) + O((t — t0)?),

Example 2.45. The result above applies when the Hamiltonian H is of the “physical
type”

"1
j=1 ="

since we have
pr(Zo,to) = dlag[ L . L ]

2mq ) 2my,

In this case f is free for small non-zero ¢ near each zo where it is defined.

2.3.2 The variational equation

An essential feature of Hamiltonian flows is that they consist of symplectomor-
phisms. We are going to give an elementary proof of this property; it relies on the
fact that the mapping ¢t — D f,ﬁ,(z) is, for fixed t’, the solution of a differential
equation, the variational equation, and which plays an important role in many as-
pects of Hamiltonian mechanics (in particular the study of periodic Hamiltonian
orbits, see for instance Abraham and Marsden [1]).

Proposition 2.46. For fized z set S, (z) = Df[,(z).

(i) The function t — Sy v (z) satisfies the variational equation

d
%Sft, (2) = JD*H(f/1(2), )8 (2) . Sfi(z)=1 (2.69)

where DQH(f,ﬁ/(z)) is the Hessian matriz of H calculated at fﬁ,(z),

(ii) We have Sft,(z) € Sp(n) for every z and t,t" for which it is defined, hence
fgy 18 a symplectomorphism.

Proof. (i) It is sufficient to consider the case ¢’ = 0. Set f{j = f/ and ng, =
St. Taking Hamilton’s equation into account the time-derivative of the Jacobian
matrix Si(z) is

d
dt

d d
G51) = ZOFF ) =D (F500))
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that is J
©5.(2) = DX ().
Using the fact that Xy = JJ,H together with the chain rule, we have

D(Xu(f{(2))) = D(Jo-H)(f{(2),1)
= JD(3.H)(f{(2),1)
= J(D*H)(f{ (), ) Df{" (2),
hence S;(z) satisfies the variational equation (2.69), proving (i).
(ii) Set S; = Sy(2) and A; = (S;)T JSy; using the product rule together with (2.69)
we have

dA; B d(St)T T . dSt
o T STy
= (St)TDQH(Z, t)St — (St)TD2H<Z, t)St

=0.

It follows that the matrix A, = (S;)7JS; is constant in ¢, hence 4;(z) = Ag(z) = J
so that (S;)TJS; = J proving that S; € Sp(n). O

Exercise 2.47. Let t — X; be a C* mapping R — sp(n) and ¢ — S; a solution
of the differential system

d
ES,: =X;S: , So=1

Show that S, € Sp(n) for every t € R.

Exercise 2.48. Assume that H is time-independent. Show that the f/ are sym-
plectomorphisms using formula (2.60) together with Cartan’s homotopy formula
ixdo+d(ixa) =0, valid for all vector fields X and differential forms a. Can you
extend the proof to include the case where H is time-dependent? [Hint: use the
suspended Hamilton vector field.]

Hamilton’s equations are covariant (i.e., they retain their form) under sym-
plectomorphisms. Let us begin by proving the following general result about vector
fields which we will use several times in this chapter. If X is a vector field and f
a diffeomorphism we denote by Y = f*X the vector field defined by

Y(u) = D(f™H)(f() X (f(w) = [Df ()] X (f (u)). (2.70)
(f*X is called the “pull-back” of the vector field X by the diffeomorphism f.)

Lemma 2.49. Let X be a vector field on R™ and (¢;X) its flow. Let f be a diffeo-
morphism R™ — R™. The family (o} ) of diffeomorphisms defined by

of =ftopfof (2.71)
is the flow of the vector field Y = (Df)~1(X o f).
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Proof. We obviously have ¢} = I; in view of the chain rule

d y

Ze1 (@) = D@ (F@)X (@ (F (=)

= (D)™ ey @)X (f(¢) ()
and hence £} (z) = Y (¢} (z)) which we set out to prove. O

Specializing to the Hamiltonian case, this lemma yields:

Proposition 2.50. Let f be a symplectomorphism.

(i) We have
Xitog(2) = (D) (Xn 0 )(2). (2.72)

(ii) The flows (f) and (f/°7) are conjugate by f:
Hof _ p=1g fH o f (2.73)
and thus f*Xg = Xgop when f is symplectic.

Proof. Let us prove (i); the assertion (ii) will follow in view of Lemma 2.49 above.
Set K = H o f. By the chain rule

9. K(2) = [Df(2)]7(0:H)(f(2))

hence the vector field X = JO,K is given by
X (z) = J[Df(2)T 0. H(f(2))-

Since Df(z) is symplectic we have J[Df(2)]” = [Df(z)]~'J and thus
Xk (2) = [Df(2)] " JO.H(f(2))

which is (2.72). O

Remark 2.51. Proposition 2.50 can be restated as follows: set (a/,p') = f(z,p)
and K = H o f; if f is a symplectomorphism then we have the equivalence

&' =0y K(z',p) and p' = -0, K(a',p')
= (2.74)
& =0,H(x,p) and p=—0,H(z,p).

Exercise 2.52.
(i) Show that the change of variables (x, p) — (I,8) defined by 2 = v/21 cos ),
p = V2Isin 6 is symplectic.
(ii) Apply Proposition 2.50 to this change of variables to solve Hamilton’s equa-
tion for H = Jw(2? + p?).
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An interesting fact is that there is a wide class of Hamiltonian functions
whose time-dependent flows (f/?) consist of free symplectomorphisms if ¢ is not
too large (and different from zero). This is the case for instance when H is of the
“physical” type

Hizt) =Y %@j — Ay (1) + U, t) (2.75)
1 <M

n

J

(mj >0, A; and U smooth). More generally:

Lemma 2.53. There exists € > 0 such that f is free at zg € R2" for 0 < |t| < ¢
if and only if det Hyp(20,0) # 0, and hence, in particular, when H is of the type
(2.75).

Proof. Let t — z(t) be the solution to Hamilton’s equations
&t =0,H(z,t) , p=—0.H(z,1)

with initial condition z(0) = zy. A second-order Taylor expansion at time t = 0
yields
Z(t) =2z0+ tXH(Zo,O) + O((t)Q)

where Xy = JJ,H is the Hamiltonian vector field of H; in particular
x(t) = wo + t0,H(20,0) + O(t?)
and hence
0x(t)
op
where Hy,, denotes the matrix of derivatives of H in the variables p;. It follows
that there exists € > 0 such that dz(t)/dp is invertible in [—¢, 0[]0, ] if and only

if Hyp(20,0) is invertible; in view of Lemma 2.43 this is equivalent to saying that
fH is free at zo. 0

= tH,,(20,0) + O(t?)

We will use this result in Chapter 5, Subsection 5.2.2, when we discuss the
Hamilton—Jacobi equation.

2.3.3 The group Ham(n)

The group Ham(n) is the connected component of the group Symp(n) of all sym-
plectomorphisms of (R?", 7). Each of its points is the value of a Hamiltonian flow
at some time ¢. The study of the various algebraic and topological properties of
the group Ham(n) is a very active area of current research; see Hofer and Zehnder
[91], McDuff and Salamon [114], or Polterovich [132].

We will say that a symplectomorphism f of the standard symplectic space
(R2", o) is Hamiltonian if there exists a function H € O (Riﬁ“, R) and a number
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a € Rsuch that f = fH. Taking a = 0 it is clear that the identity is a Hamiltonian
symplectomorphism. The set of all Hamiltonian symplectomorphisms is denoted
by Ham(n). We are going to see that it is a connected and normal subgroup of
Symp(n); let us first prove a preparatory result which is interesting in its own
right:
Proposition 2.54. Let (f) and (fX) be Hamiltonian flows. Then:

HIE =B with B (2,0) = H(z, ) + K((F) 7' (2),0,  (276)
(I = with H(zt) = —H(f{(2),1). (2.77)

Proof. Let us first prove (2.76). By the product and chain rules we have

TP = G 18+ D S 1 = Xu P 1) + (DI o Xuc )
and it thus suffices to show that
(DI 0 Xic () = Xpeogny-1 () (2.78)
Writing
(DI IE 0 Xac(FE) = (DI S 589 o Xael ) 1)

the equality (2.78) follows from the transformation formula (2.72) in Proposition
2.50. Formula (2.77) is now an easy consequence of (2.76), noting that (f fH) is
the flow determined by the Hamiltonian

K(z,t)=H(z,t) + ﬁ((ftH)_l(Z),t) =0;
H fH s thus the identity, so that (f#)~* = fH as claimed. O

Let us now show that Ham(n) is a group, as claimed:

Proposition 2.55. Ham(n) is a normal and connected subgroup of the group
Symp(n) of all symplectomorphisms of (R2", o).

Proof. Let us show that if f,g € Ham(n) then fg=! € Ham(n). We begin by
remarking that if f = f for some a # 0, then we also have f = f* where
H(z,t) = aH(z,at). In fact, setting t* = at we have

dz® dz®
— =JO,H(2t) < — = JI, H(z*,t*
pn (2,) e (z%,t%)
and hence /" = fH. We may thus assume that f = f{/ and g = ff for some

Hamiltonians H and K. Now, using successively (2.76) and (2.77) we have

fo~t = F(AE) T =

hence fg—! € Ham(n). That Ham(n) is a normal subgroup of Symp(n) immedi-
ately follows from formula (2.73) in Proposition 2.50: if ¢ is a symplectomorphism
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and f € Ham(n) then
f°9 = g7 fHlg € Ham(n) (2.79)

so we are done. O

The result above motivates the following definition:

Definition 2.56. The set Ham(n) of all Hamiltonian symplectomorphisms equipped
with the law fg = f o g is called the group of Hamiltonian symplectomorphisms
of the standard symplectic space (R%", o).

The topology of Symp(n) is defined by specifying the convergent sequences:
we will say that lim; . f; = f in Symp(n) if and only if for every compact set
K in R2" the sequences (f;xc) and (D(fjjx)) converge uniformly towards fix and
D(fx), respectively. The topology of Ham(n) is the topology induced by Symp(n).

We are now going to prove a deep and beautiful result due to Banyaga [6]. It
essentially says that a path of time-one Hamiltonian symplectomorphisms passing
through the identity at time zero is itself Hamiltonian. It will follow that Ham(n)
is a connected group.

Let t — f; be a path in Ham(n), defined for 0 < ¢ < 1 and starting at the
identity: fo = I. We will call such a path a one-parameter family of Hamiltonian
symplectomorphisms. Thus, each f; is equal to some symplectomorphism le‘. A
striking — and not immediately obvious! — fact is that each path ¢t — f; is itself
the flow of a Hamiltonian function!

Theorem 2.57. Let (f;) be a one-parameter family in Ham(n). Then (f;) = (f)
where the Hamilton function H is given by

H(z,t) = /0 o(X (uz, t)du with X = (Lf;)o(fy)"". (2.80)

Proof. By definition of X we have % fit = X fi so that all we have to do is to prove
that X is a (time-dependent) Hamiltonian field. For this it suffices to show that the
contraction i x o of the symplectic form with X is an exact differential one-form, for
then ixo = —dH where H is given by (2.80). The f; being symplectomorphisms,
they preserve the symplectic form o and hence Lxo = 0. In view of Cartan’s
homotopy formula we have

Lxo=1ixdo —l—d(ixo) = d(ixd) =0
so that ixo is closed; by Poincaré’s lemma it is also exact. O

Exercise 2.58. Let (f)o<t<1 and (f/)o<t<1 be two arbitrary paths in Ham(n).
The paths (f f&)o<t<1 and (fi)1<t<1 where

p fa when 0<t< 3,
C ML when

are homotopic with fixed endpoints.
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2.3.4 Hamiltonian periodic orbits

Let H € C*°(R?") be a time-independent Hamiltonian function, and (f) the
flow determined by the associated vector field Xy = J0,.

Definition 2.59. Let zo € R?"; the mapping
viR — R, () = ' (20)

is called “(Hamiltonian) orbit through zy”.

If there exists T' > 0 such that f/{,.(z0) = f(20) for all t € R, one says that
the orbit 4 through zq is “periodic with period T”. [The smallest possible period
is called a “primitive period”.]

The following properties are obvious:

e Let v, ' be two orbits of H. Then the ranges Im~ and Im~’ are either
disjoint or identical.

e The value of H along any orbit is constant (“theorem of conservation of
energy” ).

The first property follows from the uniqueness of the solutions of Hamilton’s equa-
tions, and the second from the chain rule, setting v(t) = (z(t), p(t)):

SHO0) = 0.H((0), #(1)) + (0, H(1(1)), 50)
= — (3(0), #(0)) + (@(0), 51)
-0

where we have taken into account Hamilton’s equations.

Assume now that 7y is a periodic orbit through zy. We will use the notation
St(ZO) = thH(Zo)
Definition 2.60. Let «y : t — f/(20) be a periodic orbit with period T". The sym-

plectic matrix S7(20) = D fH(z) is called a “monodromy matrix”. The eigenval-
ues of St (zp) are called the “Floguet multipliers” of ~.

The following property is well known in Floquet theory:

Lemma 2.61.
(i) Let St(z0) be the monodromy matriz of the periodic orbit v. We have

St+T<ZO) = St(ZQ)ST(Zo) (281)

for all t € R. In particular Syt (20) = St(z0)Y for every integer N.

(ii) Monodromy matrices corresponding to the choice of different origins on the
periodic orbit are conjugate of each other in Sp(n), hence the Floquet multi-
pliers do not depend on the choice of origin of the periodic orbit;

(iii) Each periodic orbit has an even number > 0 of Floquet multipliers equal to 1.
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Proof. (i) The mappings f/? form a group, hence, taking into account the equality
ffl (20) = 20

ft{l&-T(ZO) = ftH(f:IIj(ZO))
so that by the chain rule,

D r(z0) = DI (1 (20)) DT (20),

that is (2.81) since fH(z0) = zo.

(ii) Evidently the orbit through any point z(t) of the periodic orbit v is also
periodic. We begin by noting that if zy and z; are points on the same orbit ~, then
there exists to such that zo = f//(21). We have

ff{(fff(ﬁ)) = fff(ff{(zl))
hence, applying the chain rule of both sides of this equality,
D (f(z0))Dfl (z1) = DFE(FF (20))Df (1)
Choosing t = T' we have f(zy) = 29 and hence

St(fig (21))St0 (21) = Sty (21) St (21),
that is, since fH(z1) = 20,

S1(20)St, (21) = Sty (21)S7(21).

It follows that the monodromy matrices St (z) and Sr(z1) are conjugate and thus
have the same eigenvalues.

(iii) We have, using the chain rule together with the relation f o ff = 2,

d

o S (20)) = D fi(z0) X1 (20) = Xur (£ (20)),

t’'=0

hence St,(20)Xm(20) = Xp(z0) setting t = T; Xp(z0) is thus an eigenvector of
St(z0) with eigenvalue 1; the lemma follows the eigenvalues of a symplectic matrix
occurring in quadruples (A, 1/, A, 1/X). |

The following theorem is essentially due to Poincaré (see Abraham and Mars-
den [1] for a proof):

Theorem 2.62. Let Ey = H(zg) be the value of H along a periodic orbit vy. Assume
that vo has exactly two Floquet multipliers equal to 1. Then there exists a unique
smooth 1-parameter family (vg) of periodic orbits of E with period T parametrized
by the energy E, and each g is isolated on the hypersurface Xy = {z: H(z) = E}
among those periodic orbits having periods close to the period Ty of vo Moreover
hmEﬁEo T = To.
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One shows, using “normal form” techniques that when the conditions of the
theorem above are fulfilled, the monodromy matrix of vg can be written as

U 0

Sr(z0) = Sy {0 g(ZO)] So

with Sy € Sp(n), S(20) € Sp(n — 1) and U is of the type B ﬂ for some real

number 3; the 2(n — 1) x 2(n — 1) symplectic matrix S(zo) is called the stability
matrix of the isolated periodic orbit ~g. It plays a fundamental role not only in
the study of periodic orbits, but also in semiclassical mechanics (“Gutzwiller’s
formula” [86], A.V. Sobolev [155]). We will return to the topic when we discuss
the Conley—Zehnder index in Chapter 4.






Chapter 3

Multi-Oriented Symplectic
Geometry

Multi-oriented symplectic geometry, also called g-symplectic geometry, is a topic
which has not been studied as it deserves in the mathematical literature; see
however Leray [107], Dazord [28], de Gosson [57, 61]; also [54, 55]. The idea is the
following: one begins by observing that since symplectic matrices have determinant
1, the action of Sp(n) on a Lagrangian plane preserves the orientation of that
Lagrangian plane. Thus, ordinary symplectic geometry is not only the study of
the action
Sp(n) x Lag(n) — Lag(n)

but it is actually the study of the action
Sp(n) x Lag,(n) — Lag,(n)

where Lag,(n) is the double covering of Lag(n). More generally, g-symplectic ge-
ometry will be the study of the action

Spq(n) x Lang(n) - Lang(n)

where Sp,(n) is the gth order covering of Sp(n) and Lag,,(n) is the 2gth order
covering of Lag(n). In the case ¢ = 2 this action highlights the geometrical role of
the Maslov indices on the metaplectic group, which we will study in Chapter 7.
The study of g-symplectic geometry makes use of an important generalization
of the Maslov index, which we call the Arnol’d-Leray—Maslov index. That index
plays a crucial role in at least two other areas of mathematics and mathematical
physics:
e It is instrumental in giving the correct phase shifts through caustics in semi-
classical quantization (Leray [107], de Gosson [60, 61, 62, 64]) because it
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allows one to define the argument of the square root of a de Rham form on
a Lagrangian manifold;

e It allows a simple and elegant calculation of Maslov indices of both La-
grangian and symplectic paths; these indices play an essential role in the
study of “spectral flow” properties related to the theory of the Morse in-
dex (see Piccione and his collaborators [130, 131] and Booss-Bavnbek and
Wojciechowski [15]).

3.1 Souriau Mapping and Maslov Index

The locution Maslov index has become a household name in mathematics. It
is actually a collective denomination for a whole constellation of discrete-valued
functions defined on loops (or, more generally, on paths) in Lag(n) or Sp(n), and
which can be viewed as describing the number of times a given loop (or path)
intersects some particular locus in Lag(n) or Sp(n) known under the omnibus
name of “caustic”.

In this section we will only deal with the simplest notion of Maslov index,
that of loops in Lag(n), whose definition is due to Maslov and Arnol’d. We will
generalize the notion to paths in both Lag(n) and Sp(n) when we deal with semi-
classical mechanics.

There are several different (but equivalent) ways of introducing the Maslov
index on Lag(n). The simplest (especially for explicit calculation) makes use of
the fact that we can identify the Lagrangian Grassmannian Lag(n) with a set of
matrices, using the so-called “Souriau mapping”. This will provide us not only
with a simple way of defining correctly the Maslov index of Lagrangian loops,
but will also allow us to construct the “Maslov bundle” in Chapter 3 (Subsection
3.2.2).

3.1.1 The Souriau mapping

Recall that the mapping

A+iB L‘g AB}

identifies U(n, C) with a subgroup U(n) of Sp(n); that subgroup consists of all

o-[t

where A and B satisfy the conditions

ATA+BTB=1 , ATB=B"A, (3.1a)
AAT + BBT =1 | AB" = BA". (3.1b)
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Also recall that the unitary group U(n,C) acts transitively on the Lagrangian
Grassmannian Lag(n) by the law ul = Uf where U € U(n) is associated to
u € U(n,C).

We denote by W(n, C) the set of all symmetric unitary matrices:
W(n,C)={we Un,C):w=uw"}

and by W the image of w € W(n,C) in U(n) C Sp(n). The set of all such matrices
W is denoted by W(n). Applying the conditions (3.1) we thus have

A _B A2+ B? =1,
W:{B A}eW(n)@ AB = BA,
A=AT B=RBT.

Observe that neither W(n,C) or W(n) are groups: the product of two sym-
metric matrices is not in general symmetric.

Interestingly enough, the set W(n, C) is closed under the operation of taking
square roots:

Lemma 3.1. For every w € W(n,C) [respectively W € W(n)] there exists u €
W(n,C) [resp. U € W(n)] such that w = u? [respectively W = U?].

Proof. Let w = A+ iB. The condition ww* = I implies that AB = BA. It follows
that the symmetric matrices A and B can be diagonalized simultaneously: there
exists R € O(n, R) such that G = RART and H = RBR" are diagonal. Let g; and
h; (1 < j < n) be the eigenvalues of G and H, respectively. Since A% + B? = T
we have g5 + h3 = 1 for every j. Choose now real numbers z;, y; such that
,’E? — y]2 = g; and 2z;y; = hj for 1 < j < n and let X and Y be the diagonal
matrices whose entries are these numbers z;,y;. Then (X + iY)* = G+ iH, and
u=RT (X +iY) R is such that u? = w. O

We are now going prove that Lag(n) can be identified with W(n,C) (and
hence with W(n)). Let us begin with a preparatory remark:

Remark 3.2. Suppose that ufp = ¢p; writing u = A + B this implies B = 0,
and hence u € O(n,R). This is immediately seen by noting that the condition
ulp = £p can be written in matrix form as: for every p there exists p’ such that

A -—-B||0] |0
B Al|p| P
Theorem 3.3.

(i) For ¢ € Lag(n) and u € U(n,C) such that { = ulp the product w = uu® only
depends on £ and not on the choice of u; the correspondence ¢ — uu” is

thus the mapping
w(-) : Lag(n) — W(n,C) , w(l) =w = uu’. (3.2)
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(ii) That mapping is a bijection, and satisfies
w(ul) = uw(f)u” (3.3)
for every u € U(n,C).

Proof. (i) Let us show that if two unitary matrices u and u’ are both such that
ulp = u'lp then uu” = ' (u/T). This will prove the first statement. The condition
ulp = u'lp is equivalent to u~'u'lp = fp. In view of the preparatory remark
above, this implies that we have u~!u’ = h for some h € O(n,R). Writing v’ = uh
we have

o' (u)? = (uh)(uh)” = u(hh")u” = vu®

since hhT = 1I.

(ii) Let us show that the mapping w(:) is surjective. In view of Lemma 3.1, for
every w € W(n,C) there exists u € W(n, C) such that w = u? = uu? (since u is
symmetric); the Lagrangian plane ¢ = ufp is then given by w(¢) = w, hence the
surjectivity. To show that w(-) is injective it suffices to show that if vu’ = u'u'",
then ulp = u'lp, or equivalently, that (u’)"'u € O(n,R). Now, the condition

uu® = w'u'T implies that (v')~'u = u'T'(uT)~! and hence

(ul)—lu ((ul)—lu) _ (u’)_lu (U/T(UT)—l)T -y

that is (u/)~'u € O(n,R) as claimed. There remains to prove formula (3.3). As-
sume that ¢ = u/¢p; then uf = uu'¢p and hence

w(ul) = (uu')(uu)T =/ (WT))u? =o' (u'T)
as claimed. O

The Souriau mapping is a very useful tool when one wants to study transver-
sality properties for Lagrangian planes; for instance

(Nl =0+« det(w(l) —w(l")) #0. (3.4)

This is immediately seen by noticing that the condition det(w(¢) — w(¢')) # 0 is
equivalent to saying that w(f)(w(¢’))~! does not have +1 as an eigenvalue. The
equivalence (3.4) is in fact a particular case of the more general result. We denote
by W (£) the image of w({) in U(n):

(3.5)

w(l) = X +iY = W(l) = [X _Y} .

Yy X
Proposition 3.4. For any two Lagrangian planes £ and €' in we have

rank(W (¢) — W (")) = 2(n — dim(¢ N ). (3.6)
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Proof. Since Sp(n) acts transitively on Lag(n) it suffices to consider the case ¢/ =
{p, in which case formula (3.6) reduces to

rank(w(¢) — I) = 2(n — dim(¢ N £p)).
Let w(f) = uu” where u = A + iB; then, using the relations (3.1),
w(l) — I =—-2(B"B —iAT"B) = —2B"(B - iA)
hence, with notation (3.5).
BT 0 B A
wo- 1= % 81[% 4

It follows that
rank(W (¢) — I) = 2rank B;
this is equivalent to (3.6). O
The Souriau mapping w(-) can also be expressed in terms of projection op-

erators on Lagrangian planes. Let ¢ be a Lagrangian plane and denote by P, the
orthogonal projection in R2" on ¢:

P} =P, , Ker(P) = Jt, (P)" = P,.
We have:
Proposition 3.5. The image W (£) of w(€) in U(n) is given by
W) =(I-2P)C (3.7)

1

0] . p
0 —I} is the “con-

where P, is the orthogonal projection in R?™ on ¢ and C = [
Jugation matriz”.

Proof. Since U(n) acts transitively on Lag(n), there exists U € U(n) such that
{ =U/lp. Writing
U— [A —B}

B A

it follows from the relations (3.1) that the vector (Ax, Bx) is orthogonal to ¢; one
immediately checks that the projection operator on ¢ has matrix

BBT —ABT
Pr=|_par paT

and hence

T _ T _ T
(12&)0{,4,4 BB 2AB ]

2BAT BBT — AAT
that is:

_ T _pT

(IQPE)C[A B] {A B]

B A BT AT = W(é)



70 Chapter 3. Multi-Oriented Symplectic Geometry

3.1.2 Definition of the Maslov index

We are going to use the Souriau mapping to show that m [Lag(n)] is isomorphic
to the integer group (Z,+); this will also allow us to define the Maslov index of a
loop in Lag(n).

Let us begin with a preliminary result, interesting by itself. It is a “folk
theorem” that the Poincaré group m[U(n,C)] is isomorphic to the integer group
(Z,+). Let us give a detailed proof of this property; this will at the same time
give an explicit isomorphism we will use to define the Maslov index. We recall that
the special unitary group SU(n,C) is connected and simply connected (see, e.g.,
Leray [107], Ch. I, §2,3).

Lemma 3.6. The mapping 71[U(n,C)] — Z defined by

1 d(detu)

7'—)% ~ det u

(3.8)

is an isomorphism, and hence w1 [U(n,C)] =2 (Z,+).

Proof. The kernel of the epimorphism u — detu is SU(n,C) so that we have
a fibration U(n,C)/SU(n,C) = S'. The homotopy sequence of that fibration
contains the exact sequence

m1[SU(n, C)] SN m1[U(n, C)] AN 71[SY] — 7 [SU(n, C)]

where f is induced by U(n,C)/SU(n,C) = S*. Since SU(n, C) is both connected
and simply connected, m[SU(n,C) and m1[SU(n, C)] are trivial, and the sequence
above reduces to
0 — m[U(n,C)] - m[s1] — 0

hence f is an isomorphism. The result now follows from the fact that the mapping
m1[S'] — Z defined by
1 dz
o— — —

2mi J, 2

is an isomorphism m[S?] & Z. O

The next result is important; it shows among other things that the funda-
mental group of the Lagrangian Grassmannian Lag(n) is isomorphic to the integer
group (Z,4+); that isomorphism Lag(n) 2= (Z,+) is, by definition, the Maslov index:

Theorem 3.7.
(i) The mapping

1 d(det w)
™ [W(n, C)] 3 9w — o— /W qon €L (3.9)

is an isomorphism m [W(n,C)] = (Z,+).
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(ii) The composition of this isomorphism with the isomorphism m [Lag(n)] =
71 [W(n, C)] induced by the Souriau mapping is an isomorphism
Mrag : m1 [Lag(n)] = (Z,+). (3.10)

(iii) In fact m [Lag(n)] has a generator B such that myag(6") = r for every r € Z.

Proof. The statement (ii) is an obvious consequence of the statement (i). Let us
prove (i). Since W(n,C) C U(n,C) It follows from Lemma 3.6 that

1/ d(detw) _,
Y

270 det w

for every vy € m [W(n,C)] and that the homomorphism (3.9) is injective. Let us
show that this homomorphism is also surjective; it suffices for that to exhibit the
generator  in (iii). Writing (z,p) = (21,p1;...; Zn, Pn) the direct sum Lag(1l) &
.-+ @ Lag(1) (n terms) is a subset of Lag(n). Consider the loop (1) : t — e*™",
0<t<1,in W(1,C) = Lag(1). Set now 8 = B(1) ® Iz—2 where Iy, 5 is the
identity in W(n — 1,C). We have 8" = B(Tl) @ I, _o and

. 1 1 d(627m'rt)
mLag(ﬁ ) = /O eZﬂ'irt =r

T 2mi
which was to be proven. O

The isomorphism 7 [Lag(n)] & (Z,+) constructed in Theorem 3.7 is pre-
cisely the Maslov index of the title of this section:

Definition 3.8.

(i) The mapping m™

Lag which to every loop 7 in Lag(n) associates the integer

i) = 5 f Sote) (3.10)

e det w

is called the “Maslov index” on Lag(n); when the dimension n is understood
we denote it by mrag as in Theorem 3.7.

(ii) The loop 8 = B(1) @ I2n—2 in Lag(n) is called the generator of 7 [Lag(n)]
whose natural image in Z is +1.

We will extend the definition of the Maslov index in Chapter 5 to loops on
Lagrangian manifolds (i.e., submanifolds of R?" whose tangent spaces are La-
grangian planes). This will lead us to the so-called Maslov semiclassical quantiza-
tion of these manifolds, which is a mathematically rigorous generalization of the
physicists” “EBK quantization”. Let us study the main properties of the Maslov
index. Another much less trivial extension will be constructed in Chapter 3 under
the name of “ALM index” (ALM is an acronym for Arnol’d-Leray—Maslov); it
will lead us to the definition of quite general Lagrangian intersection indices.
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3.1.3 Properties of the Maslov index

If v and +' are loops with the same origin, then we denote by v *~’ their concate-
nation, that is the loop 7 followed by the loop '

. ~v(2t) for 0<¢<1/2,
() =
v(2t—1) for 1/2<t<1.

The following result characterizes the Maslov index:

(n)

Proposition 3.9. The family (mg;?g)neN is the only family of mappings my,,, :

Lag(n) — Z having the following properties:

(i) Homotopy: two loops v and v in Lag(n) are homotopic if and only if

m{") (7) = m{") (+');

(ii) Additivity under concatenation: for all loops v and ' in Lag(n) with the
same origin,

m{" (y+7') = m{" (v) +m{ ();

(iil) Normalization: the generator B of w1 [Lag(n)] has Maslov index mg;)g(ﬁ) =
+1.

(iv) Dimensional additivity: identifying Lag(ni) @ Lag(ne) with a subset of
Lag(n), n = ny + ne, we have

m{ (71 @ 72) = m{) (1) + m{) (1)

if v; is a loop in Lag(n;), j =1,2.

Proof. The additivity properties (ii) and (iv) are obvious and so is the normal-
ization property (iii) using formula (3.11). That mg;é('y) only depends on the
homotopy class of the loop 7 is clear from the definition of the Maslov index as
being a mapping m [Lag(n)] — (Z,+) and that mg;)g (v) = mg;)g (v') implies that
~ and ' are homotopic follows from the injectivity of that mapping. Let us finally
; . (n) . : : ;
prove the uniqueness of (mLag)neN' Suppose there is another family of mappings

Lag(n) — Z having the same property; then the difference ((SIEZ;)HEN has the

properties (i), (ii), (iv) and (iii) is replaced by 6£2g(6(1)) = 0. Every loop ~ in

Lag(n) being homotopic to " for some r € Z, it follows from the concatenation
property (ii) that (58;;(7) = 5&;(@) =0. O

Remark 3.10. Notice that we did not use in the proof of uniqueness in Propo-
sition 3.9 the dimensional additivity property: properties (i), (ii), and (iii) thus
characterize the Maslov index.
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3.1.4 The Maslov index on Sp(n)

Let 7 : [0,1] — Sp(n) be a loop of symplectic matrices: (t) € Sp(n) and v(0) =
4(1). The orthogonal part of the polar decomposition y(t) = U(t)eX ) is given by
the formula

U(t) =)y (1) (1) "2 (3.12)

Definition 3.11. The Maslov index of the symplectic loop y is the integer

msp(y) = 0(1) — 6(0)

where 6 is the continuous function [0, 1] — R defined by det u(t)
u(t) is the image in U(n, C) of the matrix U(t) € U(n) defined by (3.12).

= ¢2m0(t) where

Let us exhibit a particular generator of m1[Sp(n)]. (In addition to the fact
that it allows easy calculations of the Maslov index it will be useful in the study
of general symplectic intersection indices in Chapter 3).

Let us rearrange the coordinates in R?" and identify (x,p) with the vector
(x1,p1,- -, Tn,Pn); denoting by Sp(1) the symplectic group acting on pairs (x;, p;)
the direct sum

Sp(1) @ Sp(1) @ --- @ Sp(1) (n terms)

is identified with a subgroup of Sp(n) in the obvious way. We will denote by J;
the standard 2 x 2 symplectic matrix:

0 1
I = [_1 0] .
With the notation we have (cf. the proof of Theorem 3.7):

Proposition 3.12.
(i) The fundamental group m1[Sp(n)] is generated by the loop

at—ef™her, . 0<t<1 (3.13)

where Isn_o is the identity on R2"2,
(ii) The Maslov index of any symplectic loop v is mgp(7y) = r where the integer
r s defined by the condition: “y is homotopic to o™ ”.

Proof. (i) Clearly J; € sp(1) hence a(t) € Sp(n); since

p2mtJ1 _ cos2nt —sin2nt
~ |sin2nt  cos 2wt

we have a(0) = a(1). Now a(t)T a(t) is the identity, hence

at)(a(t)Ta()"? = a(t) = [B(t) A(t) }
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where A(t) and B(t) are the diagonal matrices

Let A be the mapping Sp(n) — S! defined in Proposition 2.26 above; we have
A(a(t)) = det(A(t) +iB(t)) = e*™ (3.14)

hence t — A(a(t)) is the generator of m[S!]. The result follows.
(ii) It suffices to show that mgp(a) = 1. But this follows from formula (3.14). O

Definition 3.13.
(i) The loop « defined by (3.13) will be called the “generator of 71 [Sp(n)] whose
image in Z is +17.
(ii) Let v be an arbitrary loop in Sp(n); the integer r such that v is homotopic
to a” is called the “Maslov index of v”.

The following result is the analogue of Proposition 3.9; its proof being quite
similar it is left to the reader as an exercise:

Proposition 3.14. The family (m(sz))neN is the only family of mappings m(sz) :

p(n) — aving the following properties:
S Z having the followi :
(i) Homotopy: two loops vy and ' in Sp(n) are homotopic if and only ifm(sz) (v) =
mgY (v);
(il) Additivity under concatenation: for all loops v and ' in Sp(n) with the same
origin
(n) N — (1) (n) A1y .
mg, (v*v') = mg, (v) + mgp ();
(iil) Normalization: the generator o of 1 [Sp(n)] has Maslov index m(s? (B) = +1.
v imensional additivity: identifying Sp(n1) @ Sp(ne) with a subset of Lag(n),
iv) D | additivity: identifying S S h a subset of Lag
n = ni + ng we have

m&y (11 @ 72) = mE () + mE' (72)

if v; is a loop in Sp(n;), j =1,2.

3.2 The Arnol’d—Leray—Maslov Index

Following ideas of Maslov [119] and Arnol’d [4] Leray constructed in [107, 108, 109]
an index m such that

M(loo, 0) — m(loo, £2)) + m (0, £2) = Inert (£, £/, £")

o0 Yoo
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for all triples (€0, €L, £2) with pairwise transversal projections:
N =Nt =0"ne=0. (3.15)

The integer Inert (¢, ¢/, £") is the index of inertia of the triple (¢, ¢/, £"") (Leray [107]);
it is defined as follows: the conditions

(2,2, 2"Yyelx ' x0" |, z+2+2"=0

"

define three isomorphisms z —— 2/, 2’ — 2z, 2’ —— 2z whose product is the

identity. It follows that
0(z,2")=0(,2") =0(2",2)

is the value of a quadratic form at z € £ (or 2’ € ¢/, or 2" € {"); these quadratic
forms have the same index of inertia, denoted by Inert(¢, ¢, ¢").

Since Leray’s index of inertia Inert(¢, ¢',¢") is defined in terms of quadratic
forms which only exist when the transversality conditions (3.15) are satisfied, it
is not immediately obvious how to extend m (£, €. ) to arbitrary pairs (s, £.)-
The extension presented in this chapter is due to the author; it first appeared in
[54] and was then detailed in [57]. (Dazord has constructed in [28] a similar index
using methods from algebraic topology, for a different approach see Leray [109]).
The main idea is to use the signature 7(¢, ¢, ¢"") instead of Inert(¢, ¢, ¢'); this idea
probably goes back to Lion and Vergne [111], albeit in a somewhat incomplete
form: see the remarks in de Gosson [54, 55]. For a very detailed study of the ALM
and related indices see the paper [22] by Cappell et al.

The theory of the Arnol’d—Leray—Maslov index — which we will call for short
the ALM index — is a beautiful generalization of the theory of the Maslov index
of Lagrangian loops. It is a very useful mathematical object, which can be used to
express various other indices: Lagrangian and symplectic path intersection indices,
and, as we will see, the Conley—Zehnder index.

3.2.1 The problem

Recall from Chapter 1 that the Wall-Kashiwara signature associates to every
triple (¢,¢',¢") of Lagrangian planes in (R2", o) an integer 7(¢, ', ¢"") which is the
signature of the quadratic form

(2,2',2") — 0(2,2") + 0(2,2") + 0 (2", 2)

on £ @ ' @ ¢". Besides being antisymmetric and Sp(n)-invariant, 7 is a cocycle,
that is:
T(Zl,ég,fg,) — 7(52,33,€4) + T(€1,€3,£4) — T(fl,fg,é4) = 0. (316)

As briefly mentioned in the statement of Theorem 1.32 this property can be ex-
pressed in terms of the coboundary operator 9 (see the section devoted to the
notations in the preface) in the abbreviated form

87'(61, 627 637 54) = 0
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Let us look for primitives of the cocycle 7; by primitive we mean a “l-cochain”
u: Lag(n) x Lag(n) — Z

such that
Op(l1, Lo, £3) = (41, bo, £3)

where J is the usual “coboundary operator”. That primitives exist is easy to see:
for instance, for every fixed Lagrangian plane ¢ the cochain p, defined by

pe(lr, bo) = 7(£, 41, £2) (3.17)
satisfies, in view of (3.16),

pe(lrs €2) — pre(l1,€3) + pe(le, b3) = (€, £y, L) — 7(L, 01, l3) + T (€, Lo, £3)
- T(€17£27€3)

and hence duy = 7. We however want the primitive we are looking for to satisfy,
in addition, topological properties consistent with those of the signature 7. Recall
that we showed that 7(¢1, 2, £3) remains constant when the triple (¢1, 2, £3) moves
continuously in such a way that the dimensions of the intersections dim(¢y,¢s),
dim(¢y, ¢3), dim(¢3,¢5) do not change. It is therefore reasonable to demand that
the primitive p also is locally constant on all pairs (¢1,#2) such that dim(¢1, ¢2)
is fixed. It is easy to see why the cochain (3.17) does not satisfy this property:
assume, for instance, that the pair (¢1,¢2) moves continuously while remaining
transversal: ¢4 N o = 0. Then, 7(¢,¢1,¢3) would — if the desired condition is
satisfied — remain constant. This is however not the case, since the signature of a
triple of Lagrangian planes changes when we change the relative positions of the
involved planes (see Subsection 1.4.1). It turns out that we will actually never be
able to find a cochain p on Lag(n) which is both a primitive of 7 and satisfies the
topological condition above: to construct such an object we have to pass to the
universal covering Lag__(n) (“Maslov bundle”) of Lag(n).

Let 7w : Lag, (n) — Lag(n) be the universal covering of the Lagrangian
Grassmannian Lag(n). We will write £ = 7({s).

Definition 3.15. The ALM (= Arnol’d-Leray—Maslov) index is the unique mapping
p: (Lagy(n))* — Z

having the two following properties:

(i) p is locally constant on the set {({oo, L) : €N ¢ =0}
(ii) Ou : (Lag., (n))® — Z descends to (Lag(n))® and is equal to 7:

(1(loey 0) — i(loo, O0) + (L 01) = 7(£, 0, 0"). (3.18)
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Notice that property (3.18) implies, together with the antisymmetry of the
signature, that if the ALM index exists then it must satisfy

for all pairs ({0, £L.).
Admittedly, the definition above is not very constructive. And, by the way,
why is p (provided that it exists) unique? This question is at least easily answered.

Suppose there are two mappings p and ' satisfying the same conditions as above:
for all triples (oo, £, £2.),

003 Yoo Yoo

filoo; €)= illoo, €55) + p(leg, £5,) = (4,2, L"),
MI(EOO,ZZ,O) - (gooaégo)""ﬂ (fo;aégo) :7—([7[/’6//)'
It follows that § = u — p’ is such that

since p and p are locally constant on {(¢oo, £.,) : £N ¢’ = 0} the same is true of 4.
Choosing ¢ such that £/ N¢ = £"N¢ =0 we see that in fact ¢ is locally constant
on all of (Lag,_ (n))?. Now Lag__(n), and hence (Lag._(n))?, is connected so that
¢ is actually constant. Its constant value is

hence p = p/ and the Arnol’d-Leray—Maslov index (if it exists) is thus indeed
unique.

We will see that the action of fundamental group of Lag(n) on Lag.(n) is
reflected on the ALM index by the formula

p(B oo, B 00) = pi(loo, £0) + 2(r — 17) (3.21)

where § is the generator of m[Lag(n)] & (Z,+) whose image in Z is +1. This
formula shows that the ALM index is effectively defined on (Lag.,(n))? (i.e., it
is “multi-valued” on (Lag(n))? ); it also shows why we could not expect to find a
function having similar properties on Lag(n) itself: if such a function u’ existed,
we could “lift” it to a function on (Lag. (n))? in an obvious way by the formula
(éoo,éf)o) = u/'(£,¢'); but the umqueness of the ALM index would then imply
that 1’ = p which is impossible since p' cannot satisfy (3.21).
An important consequence of this uniqueness is the invariance of the ALM
index under the action of the universal covering group Sp.,(n) of Sp(n):

Proposition 3.16. For all (Suo, oo, ) € Spao(n) x (Lag,,(n))? we have

1(Ssoloos Soolly) = 1u(too, L), (3.22)
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Proof. Set, for fixed Soo € Spoo(n), 1/ (Coo, €hy) = t(Socloo, Soclh,). We have

W (loo, U0) — i (Lo, 010) + p! (0, 00) = (S, S, Se")
where S € Sp(n) is the projection of S. In view of the symplectic invariance of
the Wall-Kashiwara signature we have 7(5¢, S¢,S¢") and hence

MIMOO’ éi)o) - MIMOO’ égo) + Ml(égo’ égo) = 7—([7[/’ ZN)'
Since on the other hand S¢NS¢ = 0 if and only if £N¢ = 0, the index p’ is locally

constant on {(€eo, £5) : £N€' = 0} and must thus be equal to u, that is (3.22). O

There now remains the hard part of the work, namely the explicit construc-
tion of the ALM index. Let us show how this can be done in the case n = 1.
The general case will definitely require more work. The Lagrangian Grassmannian
Lag(1) consists of all straight lines through the origin in the symplectic plane
(R2, — det). Let £ = £ and ¢’ = ¢’ be the lines with equations

rcosa+psina=0 , xrcosa' +psina’ =0

and identify /o, and ¢/ with 6 = 2a and ' = 2a/. Denoting by [r] the integer
part of r € R we then have

2[52]+1 i 00 ¢ nz,
.0y =4 "L 1 i (3.23)
k if -0 =kr.
Introducing the antisymmetric integer part function
1 rl+3 if r¢Z,
Tlanti = =([r] — [-7]) =
[anti = 5 = [=1)) {rifTez
definition (3.23) can be rewritten in compact form as
0—0¢
w(0,0") =2 [ } . (3.24)
™ anti

The coboundary du is the function

06— ¢ 0 —p" o — "
au(a,a’,e”)z[ ] 2[ ] +2[ }
2m anti 2m anti 27 anti

and this is precisely the signature 7(¢, ¢/, £"") in view of formula (1.21) in Section 1.4.

To generalize this construction to arbitrary n we need a precise “numerical”
description of the universal covering of Lag(n).
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3.2.2 The Maslov bundle

The Maslov bundle is, by definition, the universal covering manifold Lag._(n) of
the Lagrangian Grassmannian Lag(n).
The homomorphism

m [Un,C)]2v+—ky € Z

defined by , d(detu)
et u

:2m' y detu

v
is an isomorphism 7 [U(n, C)] = (Z,+). Set now
Uso(n,C) = {(u,0) : u € U(n,C),detu = e}

and equip this set with the topology induced by the product U(n,C) x R. Define
a projection 7o : Uso(n,C) — U(n,C) by 7o (U,0) = W, and let the group
71 [U(n, C)] act on Us(n,C) by the law

Y(u,0) = (u, 8 + 2kym).

That action is clearly transitive, hence Uy, (n, C) is the universal covering group
of U(n,C), the group structure being given by

(U,0)(U",0)=(UU",6+6).
Let us now identify the Maslov bundle with a subset of U (n, C):
Proposition 3.17. The universal covering of Lag(n) = W(n,C) is the set
Woo(n,C) = {(w,0) : w € W(n,C),detw = "}

equipped with the topology induced by Us(n), together with the projection T :
Weo(n,C) — W(n,C) defined by oo (w, 0) = w.

Proof. In view of Theorem 3.7 of Subsection 3.1.2 where the fundamental group
of W(n,C) is identified with (Z,4+) it is sufficient to check that W (n,C) is
connected because it will then indeed be the universal covering of W(n,C). Let
Us(n,C) act on Wy (n, C) via the law

(u, 0)(w, ) = (vwu™, 6 + 2¢p). (3.25)

The stabilizer of (I,0) in Us(n) under this action is the subgroup of Us(n)
consisting of all pairs (U, ¢) such that UUT = I and ¢ = 0 (and hence det U = 1);
it can thus be identified with the rotation group SO(n) and hence

Weo(n,C) = Uy(n,C)/SO(n, R).
Since Uy (n, C) is connected, so is W (n, C). O
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The Maslov bundle Lag. (n) is the universal covering of the Lagrangian
Grassmannian. Quite abstractly, it is constructed as follows (the construction is
not specific of Lag__(n), it is the way one constructs the universal covering of any
topological space: see the Appendix B). Choose a “base point” £y in Lag(n): it is
any fixed Lagrangian plane; let £ be an arbitrary element of Lag(n). Since Lag(n)
is path-connected, there exists at least one continuous path A : [0,1] — Lag(n)
going from £y to £: A(0) = £y and A(1) = £. We say that two such paths A and N
are ‘homotopic with fixed endpoints’ if one of them can be continuously deformed
into the other while keeping its origin £y and its endpoint ¢ fixed. Homotopy with
fixed endpoints is an equivalence relation; denote the equivalence class of the path
A by £+ The universal covering of Lag__(n) is the set of all the equivalence classes
l as £ ranges over Lag(n); the mapping 7, : Lag, (n) — Lag(n) which to £
associates the endpoint ¢ of a path A in £/, is called a ‘covering projection’. One
shows that it is possible to endow the set Lag_(n) with a topology for which it is
both connected and simply connected, and such that every £ € Lag(n) has an open
neighborhood U, such that 7! (Uy) is the disjoint union of open neighborhoods

L{él), e ,Z/{ék), ... of the points of 7}(£), and the restriction of 7o to each L{ék)

is a homeomorphism L{ék) — Uy.

3.2.3 Explicit construction of the ALM index
Let us identify o, with (w,8), w being the image of £ in W(n,C) by the Souriau
mapping and detw = . We are going to prove that:

e The ALM index exists and is given by pu(loo, 00,) = 2m(log, £4,), that is

U(loo, O0y) = % [0 — 60 +iTrlog(—w(w') '] (3.26)

when £ N ¢ # 0;

e When /N¢ has arbitrary dimension, one chooses £” such that £N¢"’ = ¢'N¢"” =
0 and one then calculates u(¢, £4,) using the property

/L(foo,fgo) = —M(Zgo,égo) - /’L(ZZ)IO’ZOO) + T(Z’ élvﬂl) (3'27)

and the expressions for p(feo, £1) and p(€L,, €2 ) given by (3.26).

o0 Yoo

Exercise 3.18. Check, using the cocycle property of the signature 7, that the left-
hand side of (3.27) does not depend on the choice of £ such that ¢N¢” = ¢'Ne’ = 0.

Let us begin by showing that u(¢s, ¢, ) defined by (3.26)-(3.27) always is

an integer:

Proposition 3.19. We have

Ul o) =n mod2 when €N =0; (3.28)

o0y Yoo
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more generally

w(loo, 05) =n+dim(fN¢') mod?2. (3.29)
o)

Proof. Setting 1 = p(leo, £L,) we have

[i(6 — 0)) (exp[Tr log(—w(w') ~]) !
= expl[i(0 — 0)](det (—w(w’) 1)~
[i(6 — 0")](=1)" exp[—i(6 — 8)]

hence (3.28). Formula (3.29) follows, using formula (3.27) together with the value
modulo 2 of the index 7 given by formula (1.31) in Section 1.4). O

Let us now prove the main result of this subsection, namely the existence of
the ALM index:
Theorem 3.20. The ALM index u(loo, lL) exists and is calculated as follows:
(i) If ¢nt =0 then
w(loo, OL) = [9 — 0" +iTrLog(—w(w') '] ;

o0y Yoo

(ii) In the general case choose ¢ such that €N € = ¢ N{" = 0 and calculate
w(loo, L) using the formula:

/L(foo,fgo) = /L(foo,fgo) (Zf)oﬂégo) T(Z’ élvgll)
[the right-hand side is independent of the choice of £'].

Proof. Tt is clear that p defined by (3.26) is locally constant on the set of all (¢, ¢')
such that £N ¢ = 0. Let us prove that
1(loo, €)= pi(loo, €35) + (Ui, €55) = (£, €', L")

o0 Yoo

when
Nt =Nl =0ne’ =0

the formula will then hold in the general case as well in view of (3.27). We are going
to proceed along the lines in [84], p. 126. Since p is locally constant on its domain. It
follows that the composed mapping Seo —— 14(Soolocs Seclly) is (for fixed (Yoo, £L)
such that £N ¢ = 0) is locally constant on Sp.,(n); since Sp(n) is connected this
mapping is in fact constant so we have p(Seoloo, Sooll,) = 1(lso, ll,) and it is

thus sufficient to show that
1(Sooloos Seolle) — 1(Socloos Socll) + p(Seclly s Seclln,) = (4,0, 0")

for some convenient So, € Sp(n). Since Sp(n) acts transitively on pairs of La-
grangian planes, there exists S € Sp(n) such that S(¢,¢") = ({p,fx) where
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lx = R™ x 0 and £p = 0 x R™. The transversality condition £’ N¢ =0 N¢" =0
then implies that

U'={(z,p):p= Az} =la

for some symmetric matrix A with det A # 0. We have thus reduced the proof to
the case (£,0',0") = ({p,f4,lx) and we have to show that

N(EP,oong,oo) - N(Zp,oong,oo) + N(EA,oong,oo) = T(‘€P7‘€Aa ZX) (330)
Now, in view of formula (1.24) (Corollary 1.31, Section 1.4) we have
T(lp,la,lx) =sign(A) =p—q

where p (resp. ¢) is the number of > 0 (resp. < 0) eigenvalues of the symmetric
matrix A. Let us next calculate p(loo, 02) = 1(€p,co, {x,00)- Identifying Lag . (n)
with W (n) there exist integers k and &’ such that

lpoo = (I,2km) and lx oo = (—1,(2k" +n)m)
and hence

1
(2km — (2K +n)7 +iTrLogI) = 2(k — k') — n.

,LL(KP,oov gX,oo) - —
™

Let us now calculate p(€p oo, fa,00). Recall that V_4 and My, (det L # 0) denote
the symplectic matrices defined by (2.50) in Subsection 2.2.3:

I o Lt 0
e )

We begin by noting that we have £4 = V_4fx hence Mply = Va/lx, using the
intertwining formula

MVoa=V_aoM, , A =LVAL.

We may thus assume, replacing £4 by M, 194 and A by LT AL where L diagonal-
izes A, that
A = diag[+1,...,+1,—-1,...,—1]

with p plus signs and ¢ = n — p minus signs. Let now B = {e1,...,en; f1,---, fu}
be the canonical symplectic basis of (R?", ). The n vectors
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(with obvious conventions if p = n or ¢ = n) form an orthonormal basis of £4 =
V_alx. We thus have {4 = Ulp where
114 I
UR = 7 [I A] € U(n).

The identification of U with u = %(A —iI) in U(n, C) identifies £4 with uu® =

—iA. We have det(—iA) = i97P, hence
Cao = (i4, 5(¢ — p)m + 2r7)

for some r € Z. To calculate p(¢p oo, £4.00) We need to know
Log(—I(—iA)™! = Log(—iA);

the choice of the logarithm being the one which is obtained by analytic continua-
tion from the positive axis we have

Log(—iA) = Log(—idiag[+1,...,+1,-1,...,—1])
= Logdiag[—i,...,—4,+1,...,+1]
= diag[3m(—i,..., —i,+i,...,+i)]

(p plus signs and ¢ minus signs) hence, by definition (3.26) of p,

1

lpoo, baco) = - [Qkﬂ' — (%(q —p)m+ 2rm) +1 TrLog(fiA)]
= 2 [2hn = (g =P+ 20m) + iChm(a — p)i)]
=2k-r)+p—gq.

Similarly

/’L(ZA,(XH ZX,OO) = _M(ZX,oov EA,OO)

1
= —=[(2K' +n)m — (3(¢— p)m + 2rm) + i Tr Log(iA)]
™
=2(r—k") —n,
hence
N(Zp,oong,oo) - N(Zp,oong,oo) + N(EA,oong,oo) =pP—q
which ends the proof since p — g = 7(¢p,la, lx). O

In the following exercise the reader is encouraged to find an explicit expression
for the ALM index when n = 1:
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Exercise 3.21. Using the formula

Loge™ =i <<p27r [(p?_—i—w]) for p ¢ 7Z
T

calculate p(loo, . ) when n = 1.

00 Yoo

The following consequence of the theorem above describes the action of
mi[Lag(n)] = (Z,+) on the ALM index, and shows why the ALM index is an
extension of the usual Maslov index defined and studied in Chapter 5, Section 3.1:

Corollary 3.22. Let 3 be the generator of mi[Lag(n)] whose natural image in Z is
+1. We have

p(B" oo, B 00) = pi(loo, £0) + 2(r — 17) (3.31)

for all (€, 0%,) € (Lag(n))? and (r,r") € Z* and hence

11(Vloo, og) = illos, Uog) = 2m(7) (3.32)

for every loop v in Lag(n) (m(vy) the Maslov index of 7).

Proof. Formula (3.32) follows from formula (3.31) since every loop + is homotopic
to " for some r € Z. Let us first prove (3.31) when £ N ¢ = 0. Assume that
loo = (w,0) and £, = (w',0") with w,w’ € W(n,C), detw = ¢*, and det w’ = ¢’
Then

Bl = (w,0+2rm) , B, = (w0 +2r')

and hence, by definition (3.26)

/ 1
(B oo, B L) = = [0+ 2r — 6’ — 2r" + i Tr Log(—w(w') "]
7T
= plloo, U) +2(r —17).

The general case immediately follows using formula (3.27) and the fact that 57/
and " £, have projections ¢ and ¢’ on Lag(n). O

3.3 ¢-Symplectic Geometry

Now we can — at last! — study the central topic of this chapter, the action of Sp,(n)
on Lag,, (n). Due to the properties of the fundamental groups of Sp(n) and Lag(n)
the general case will easily follow from the case ¢ = +00. We begin by identifying
Lag (n) with Lag(n) x Z and Sp.,(n) with a subgroup of Sp(n) x Z equipped
with a particular group structure.
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3.3.1 The identification Lag. (n) = Lag(n) x Z

The title of this subsection is at first sight provocative: how can we identify the
Maslov bundle Lag__(n), which is a connected manifold, with a Cartesian product
where one of the factors is a discrete space? The answer is that we will identify
Lag.. (n) and Lag(n) x Z as sets, not as topological spaces, and equip Lag(n) x Z
with the transported topology (which is of course not the product topology).

Let us justify this in detail.
We denote by ddim the coboundary of the 1-cochain dim(4,¢') = dim ¢ N ¢
on Lag(n). It is explicitly given by

ddim(¢,¢',0") = dim Nl —dimlN " +dim ¢ N e’
(see definition (9) in the Preface).

Definition 3.23.
(i) The function m : Lag, (n) — Z defined by

1
m(loor o) = 5 (1(foc. Cog) + 4 dim €01 ) (3.33)

is called the “reduced ALM index” on Lag. (n).
(ii) The function (Lag(n))® — Z defined by
1
Inert (¢, ¢, 0") = 5(7([,[', ") +n+odim((, ¢, 0"))

where 7 is the signature is called the “index of inertia” of (¢, ¢',¢").

That m(¢s, ¢.,) is an integer follows from the congruence (3.29) in Propo-
sition 3.19 (Subsection 3.2.3). That Inert(¢, ¢’,¢") also is an integer follows from
the congruence (1.31) in Proposition 1.34 (Subsection 1.4.3). These congruences,
together with the antisymmetry of the signature 7 moreover imply that

Mm(loo, U) + m(ll loo) =n + dimeN ¢ (3.34)
for all (¢, /) € (Lag,,(n))2.

Proposition 3.24. The reduced ALM index has the following properties:
(i) For all (beo, U\, 07.) € (Lag,,(n))3,
Moo, 05) — Mmoo, €0) + m(lL,, 02) = Inert (¢, ', 0"); (3.35)
(ii) Let 8 be the generator of w1 [Lag(n)] whose natural image in Z is +1; then
(B oo, B 1) = m(los, 0. +17 — 1" (3.36)

for all (r,7") € Z*.
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Proof. Formula (3.35) is equivalent to the property (3.18) of the ALM index.
Formula (3.36) follows from (3.31) in Corollary 3.22. O

Remark 3.25. Formula (3.36) shows that the range of the mapping
(loo, U) — m(loo, L)

00 Yoo

is all of Z.

Exercise 3.26. Check that Inert(¢,¢',¢”) coincides with Leray’s index of inertia
defined at the beginning of Section 3.2 when N =0 N =0"NL=0.

Let us state and prove the main result of this subsection:
Theorem 3.27. Let {, oo be an arbitrary element of Lag..(n) and define a mapping
®,, : Lag_ (n) — Lag(n) X Z
by the formula
Da(loc) = (€,m(loc, laoc)) + €= T8 (lss).
(i) The mapping @, is a bijection whose restriction to the subset {lo : {Nl,, = 0}
of Lag(n) is a homeomorphism onto {£: LN {, =0} x Z.
(ii) The set of all bijections (Po)e,, .. form a system of local charts of Lag,,(n)
whose transitions P, = <I>a<1>51 are the functions
D500, ) = (€, A+ Inert(¢, £, l3) — m(La,00,£8,00))- (3.37)

Proof. (i) Assume that ®,(lss) = Po(l); then £ = ¢ and m(loo, lo,00) =
Mm(lhe, lo,o0)- Let r € Z be such that ¢ = "¢ (8 the generator of m [Lag(n)]);
in view of formula (3.36) we have

m(£:>ovga,oo) = m(ﬁTgoovga,oo) = m(&)ovga,oo) +r
hence r = 0 and ¢/, = {, so that @, is injective. Let us show it is surjec-
tive. For (¢,k) € Lag(n) x Z choose /o, € Lag. (n) such that ¢ = 78 ({.). If
M(loos ba,oo) = k we are done. If m(loo, €o,00) # k replace €oo by 7€ such that
M(loos ba,00) + 7 =k (cf. Remark 3.25). The ALM index p is locally constant on
the set

{(b, lo) : €N 0/ = 0} C (Lagyo(n))?

hence so is m; it follows that the restriction of @, to {f : £N ¢, = 0} indeed is
a homeomorphism onto its image {¢: £N ¢, =0} x Z.
(ii) The mapping ®ap = Pa®y' takes (L,A) = (£,m(loo,lp00)) to (£, X) =
(¢, m(oo, Lo, o0)) hence

D05(loc) = (U, A+ M(loo, baoo) — M(loo, €8,00))
which is the same thing as (3.37) in view of formula (3.35). O

We are going to perform a similar identification for the universal covering of
the symplectic group; this will allow us to exhibit precise formulas for g-symplectic
geometry.



3.3. g-Symplectic Geometry 87

3.3.2 The universal covering Sp_,(n)

Recall that the ALM index is Sp,, (n)-invariant:
1(Sooloo; Soolee) = fifos, L)
for all (Seo, loo, £%,) € Sp..(n) x Lag? (n) (Proposition 3.16, Subsection 3.2.1).
Definition 3.28. Let ¢ € Lag(n); the “Maslov index” on Sp_ (n) relative to £ is the
mapping p : Sp,,(n) — Z defined by
110(So0) = 11(Sooloo, Loo) (3.38)
where /o, is an arbitrary element of Lag._ (n) with projection 7% (f.,) = ¢.

This definition makes sense in view of the following observation: suppose that
we change {, into another element ¢/ with the same projection ¢. Then there
exists an integer m such that ¢, = ™. and

11(Socloos boo) = 1(Soo (B"), B70L)
= 1(Soo(B"l), Uh) — 27
(8", SHoe) — 2r
(¢.., Sgolégo) + 2r —2r
(Soolies Uhs)

where we have used successively (3.31), (3.50), again (3.31), and finally the
SPeo (n)-invariance (3.38) of the ALM index.

Here are a few properties which immediately follow from those of the ALM
index:

e In view of property (3.29) (Proposition 3.19) of the ALM index we have
1e(Soo) =n —dim(S¢N L) mod2 (3.39)
for all So € Spoo(n).
e The antisymmetry (3.19) of the ALM index implies that we have
e(S3h) = —pe(See)  pe(los) =0 (3.40)
(I» the unit of Sp(n)).
e Let a be the generator of 71 [Sp(n)] = (Z, +) whose image in Z is +1; then
lLLg(OéTSOO) = /Lg(SOO) + 4r (3.41)

for every Sy € Sp(n) and r € Z: this immediately follows from formula
(3.31) for the action of 7 [Lag(n)] on the ALM index.

The following properties of u, are immediate consequences of the characteristic
properties of the ALM index:
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Proposition 3.29.
(i) For all Seo, S. in Spy(n),

pe(SoSh) = pe(Seo) + 1e(Sh) + 7e(S, 57) (3.42)
where 1, : (Sp(n))? — Z is defined by
70(S,8") = 7(¢,5¢,55'¢). (3.43)

(ii) The function (Seo, €, ') — we(S) —7(SE, 0, 0" is locally constant on the set
{(Soe, 6,0') : SENL" =N L" =0} C Spu(n) x (Lag(n))?;

in particular pg is locally constant on {So : dim(S¢N¢) = 0}.
(iii) We have
116(So0) — per (Seo) = (S, 0,€") — 7(SC, 8¢, 0') (3.44)

for every So € Sp(n) and (¢,¢') € (Lag(n))?.
Proof. (i) By definition of puy,
116(S5085) — he(Soc) — 11e(S%)
that is, using the Sp_,(n)-invariance and the antisymmetry of p:
— 1(So0S% oo, Sooloo)-

In view of the cocycle property du = 7*7 of the ALM index the right-hand side
of this equality is equal to

7(85'0,¢,S¢0) = 7(¢,5¢,55'0) = 74(S, "),
hence (3.42).

Property (ii) immediately follows from the two following observations: the ALM
index is locally constant on

{(loo, 65) : €N ¢ = 0} C (Lag(n))®
and the signature 7(¢, ¢/, ¢") is locally constant on
(000" 6Nl =0 Ne" =0 Ne=0} C (Lag(n))®.
(iii) Using again the property Ou = 7*7 and the Sp., (n)-invariance of y we have

H(Sooloos boo) — N(Sooéoovgéo) + 1(Sooloo, Soogéo) = T7(SL, ¢, él)v
(Snclioer Sooll) — (Sncloor £0) + (Sucll, £) = 7(SE, S0, )

which yields (3.44) subtracting the first identity from the second. O
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The practical calculation of (S~ ) does not always require the determina-
tion of an ALM index; formula (3.42) can often be used with profit. Here is an
example:

Example 3.30. Assume that n = 1. Let (—I)s be the homotopy class of the
symplectic path ¢ — e™/ 0 <t < 1, joining I to —I in Sp(1). We have (—1)% =
a (the generator of m1[Sp(n)]), hence

pe((=1)30) = pe(a) = 4.

But (3.42) implies that

pe((=1)3) = 2ue((—Doo) + 7(€,4,€) = 2p0((~1)0),
hence p((—1)s) = 2.

It turns out that the properties (i) and (ii) of the Maslov index i, listed in
Proposition 3.29 characterize that index. More precisely:

Proposition 3.31. Assume that pj : Spo(n) — Z is locally constant on {Sx :
dim(S¢nN¢) =0} and satisfies

116(850S%) = he(Soo) + pe(Sl) + 7e(S, 8") (3.45)
for all Sso, Sh in Speo(n) (S =75P(Ss), S" = w5P(SL.)). Then p) = .
Proof. The function 6y = pe — ), satisfies
00(S00S5) = 0e(Seo) + 00(S%)

and is locally constant on {S : dim(S¢ N ¥¢) = 0}. In view of Proposition 2.36
of Chapter 2 every S € Sp(n) can be factorized as S = 5152 with S16p Ny =
Soly N £y = 0; since

00(So0) = 00(S1,00) + 00(52,00)
it follows that d, is actually constant on Sp_(n); taking S, = S’ we thus have
0¢(Sso) = 0 for all S, hence u) = pg. |

Exercise 3.32. Use the uniqueness property above to prove the conjugation formula
/M((Sl)_lsoosl) = p1s7e(Soo)

where (S7)71S5S’ denotes the homotopy class of the path t — (S")"1S(¢)S" if
Soo is the homotopy class of a t — S(t), 0 <t <1 in Sp(n).

Let us mention the following result which will be proven in Chapter 7 (Lemma
7.24) in connection with the study of the metaplectic group: assume that ¢ = ¢p
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and that S, S are free symplectic matrices. Writing S, S’, and S” = S5’ in block

matrix form
S _ |:A B:| S/ _ |:Al B/:| S// _ |:Al/ Bl/:|

C D C/ D/ C/I DI/
we have det(BB’) # 0 and
T(p,Slp,SSp) =sign(B~'B"(B")™') =" — 1~ (3.46)

where 7% is the number of positive (resp. negative) eigenvalues of the symmetric
matrix B~1B"(B’)"1.
For ¢ € Lag(n) define a function my : Sp..(n) — Z by
1

me(Seo) = §(M(S°°) +n+dim(S€N¥L)), (3.47)

that is

where £, has projection 7% (¢..) = £. Since m({wo, (") € Z for all ({oo,l’.) €
(Lag..(n))? it follows that m¢(Seo) € Spa,(n).

Definition 3.33. The mapping my : Sp..(n) — Z defined by (3.47) is called the
reduced Maslov index on Sp_(n) relatively to £ € Lag(n).

The properties of the reduced Maslov index immediately follow from those
of pe; in particular (3.41) implies that

me(a” Seo) = Me(Seo) + 21 (3.48)

for every integer r (« being the generator of 71 [Sp(n)]). An immediate consequence
of (3.48) is that the value modulo 2 of my(Ss) only depends on the projection
S = 79P(S4). We will denote by my(S) the corresponding equivalence class:

m € my(S) <= m = my(Ss) mod?2.

The following result is the symplectic equivalent of Theorem 3.27; it identifies
SPeo(n) with a subset of Sp(n) x Z:

Theorem 3.34. For {,, € Lag(n) define a mapping
W, : Spou(n) — Sp(n) x Z
by the formula
Va(Soe) = (5,4, (5))-
(i) The mapping U, is a bijection
SpPec(n) — {(S,m) : S € Sp(n), m € my_(S)}

whose restriction to the subset {Soo : Sy N Ly = 0 } is a homeomorphism
onto

Spe, (n) = {(S,m) : S € Sp(n), Sla Nly =0, m e my(S)}.
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(ii) The set of all bijections (Vo )e, form a system of local charts of Sp., (n) whose
transitions \I/akllgl are the functions

Uos3(S,m) = (S, m + Inert(Sly, L, g) — Inert(Sly, Sla, £3).

Proof. (i) By definition of m,(S) the range of ¥, consists of all pairs (S, m)
with m € my(S). Assume that (S, my_(Sx)) = (5, me, (S5,)); then S = 5" and
S/, = a"Sy for some r € Z (cf. the proof of (i) in Theorem 3.27). In view of
(3.48) we must have r = 0 and hence So, = S/ so that U, is injective.

(ii) Tt is identical to that of the corresponding properties in Theorem 3.27 and is
therefore left to the reader as an exercise. O

The theorem above allows us to describe in a precise way the composition
law of the universal covering group Sp.,(n):

Corollary 3.35. Let ¢, € Lag(n). Identifying Sp,.(n) with the subset
{(S,m): S € Sp(n),m € me, (9)}
of Sp(n) x Z the composition law of Sp,,(n) is given by the formula
(S,m) *¢, (S",m’) = (SS",m+m' + Inert({y, Sly, SS'Cy). (3.49)
Proof. This is obvious since we have
My, (SooShy) = Me,, (Seo) + M, (SL) + Inert(€y, Sla, SS0y)
in view of property (3.42) of py and definition (3.47) of my. O

Let us now proceed to prove the main results of this section.

3.3.3 The action of Sp,(n) on Lag,, (n)

Let St(£p) be the isotropy subgroup of £p = 0 x R} in Sp(n): S € St(£p) if and
only if S € Sp(n) and S¢p = ¢p. The fibration

Sp(n)/ St(€p) = Lag(n)
defines an isomorphism
2 2 m1[Sp(n)] — m [Lag(n)] = 72

which is multiplication by 2 on Z. It follows that the action of Sp(n) on Lag(n)
can be lifted to a transitive action of the universal covering Sp__(n) on the Maslov
bundle Lag.(n) such that

for all (Seo,lo0) € Spo(n) x Lag, (n); as previously « (resp. () is the generator
of m[Sp(n)] (resp. m1[Lag(n)]) whose natural image in Z is +1.



92 Chapter 3. Multi-Oriented Symplectic Geometry

The following theorem describes co-symplectic geometry:

Theorem 3.36. Let {, € Lag(n). Identifying Sp.,(n) with the subset
{(Sa m) 15 € Sp(n)vm € méa(S)}

of Sp(n) X Z defined in Theorem 3.34 and Lag..(n) with Lag(n) X Z as in Theorem
3.27, the action of Spo.(n) on Lag. (n) is given by the formula

(S,m) ¢, (6,A) = (S€,m + X —Inert(S¢, Sy, Ly)). (3.51)

Proof. We have A=m(lo,lq o0) for some £ covering £, and m=m(Seolu,c0:le,00)
for some S, covering S. Let us define the integer 9 by the condition

m + A —+ § = m(Sooéoovéa,oo)v

that is
0= m(Sooéoov éa,oo) - m(éoov éa,oo) - m(Sméa,mvga,oo)~

‘We have to show that
= —Inert(S¢, Slu, Ly). (3.52)

)
In view of the Sp.(n)-invariance of the reduced ALM index we have
M(looy La,oo) = M(Socloos Seola,0o) and hence

0= m(Sooéoov éa,oo) - m(Sooéoov Sooga,oo) - m(Smga,mv éa,oo);
on the other hand
M(Soola,005 ba,oo) + M(la 00y Soola,co) =1+ dIm (S, N Ly)

(formula (3.34)) so that

0= m(Soogoovga,oo) - m(Smgmv Sooéa,oo) + m(éa,mv Sooéa,oo)
—n —dim(Sl, N¥y).

Using property (3.35) of m this can be rewritten
0 = Inert(S¢, £y, SLy) —n — dim(S€y N 4y).

The equality (3.52), follows noting that by definition of the index of inertia and
the antisymmetry of 7

Inert(S¢, £y, Sly) —n — dim(S€y, N Ly) = — Inert(S¢, Slq, Ly). O
Recall that there is an isomorphism

Z = m[Sp(n)] — m [Lag(n)] = Z
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which is multiplication by 2 on Z; in fact (formula (3.50))

(S0 )loo = B%(Socloo) = Soo(B*lso)

for all (Seo,loc) € Sps,(n) x Lag. (n). Also recall that the ALM and Maslov
indices satisfy

P o, B E00) = oo, L) + A(r — 1)
(formula (3.31) and
pe(a"Soo) = pe(Soc) + 21

(formula (3.41) for all integers r and /.
Let now ¢ be an integer, ¢ > 1. We have
m[Lag(n)] = {8* : k € Z}
hence (see Appendix B)
Lag,(n) = Lag(n)/{B%" : k € Z}. (3.53)
Similarly, since
m1[Sp(n)] = {o* : k € Z}

we have

Sp,(n) = Sp(n)/{a®* : k € Z}. (3.54)

Let us now identify 71 [Lag(n)] with Z; recalling that the natural homomorphism
m1[Sp(n)] — m1[Lag(n)] is multiplication by 2 in Z (¢f. formula (3.50) 71 [Sp(n)]
is then identified with 2Z. This leads us, taking (3.53) and (3.54) into account, to
the identifications

Lag,(n) = Lag,.,(n)/qZ , Sp,(n) = Spu(n)/2¢Z. (3.55)

The ALM index on Lag,(n) is now defined as being the function

[ulg : (Lag,(n))* — Zq = Z/qZ
given by
[1]q(Lig)s igy) = M(loo, o) mod g
if (0oo, ls) € (Lag,(n))? covers ({(y), l,) € Lag, (n))?; similarly the Maslov index
relative to £ € Lag(n) on Sp,(n) is the function

[1e)2q : Spy(n) — Zoq = Z/2qZ
defined by

[1e)24(S(q)) = pe(Soc) mod2q

if Seo € Spy, (1) covers S(g) € Sp,(n).
Exactly as was the case for co-symplectic geometry the study of g-symplectic
geometry requires the use of reduced indices:
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Definition 3.37. The reduced ALM index on Lagy,(n) is defined by
[m]2q(€(q): £g)) = M(loo, L) mod 2q
and the reduced Maslov index [my]a, on Sp,(n) by
[me]2q(S(q)) = me(Sx) mod 2g.

Let us denote by [r]aq the equivalence class modulo 2¢ of r € Z. Corollary
3.35 and Theorem 3.36 immediately imply that:

Corollary 3.38. Let £, € Lag(n) and identify Sp,(n) with the subset
{(5,m) : S € Sp(n),m € my, (5)}
of Sp(n) x Zay equipped with the composition law
(S, [m]aq) *e., (S, [m']2q) = (S5, [m +m' 4+ Inert(€n, Sla, SS))2q)

and Lagy,(n) with Lag(n) x Zzq. The action of Sp,(n) on Lagy,(n) is then given
by the formula

(S, [mlaq) 0. (€, [M2q) = (SE, [m + X — Inert(SC, ¢, £y)]2q)-

We have now achieved our goal which was to describe the algebraic structure
of g-symplectic geometry.

A related interesting notion, to which we will come back later, is that of
g-orientation of a Lagrangian plane. Recall that we mentioned in the beginning of
this chapter that the action of Sp(n) on Lag(n) automatically induces an action

Sp(n) x Lagy(n) — Lagy(n)

(“l-symplectic geometry”) since linear symplectic transformations have determi-
nant 1 and are thus preserving the orientation of Lagrangian planes. If we view
the datum of an element £(4y of Lagy(n) as the choice of an orientation of the
Lagrangian plane ¢ € Lag(n) it covers, the following definition makes sense:

Definition 3.39. Let ¢ € Lag(n). A g-orientation of ¢ is the datum of an ele-
ment £, of Lagy,(n) covering £. (Every Lagrangian plane thus has exactly 2q
g-orientations).

This definition is at first sight rather artificial. It is however not a useless
extension of the notion of orientation; it will play an important role in the under-
standing of the Maslov quantization of Lagrangian manifold.

Notice that the action of Spq(n) on a g-oriented Lagrangian plane preserves
its g-orientation: this is one of the main interests of g-symplectic geometry, and
justifies a posteriori the title of this chapter.



Chapter 4

Intersection Indices
in Lag(n) and Sp(n)

In this chapter we generalize the notion of Maslov index to arbitrary paths (not
just loops) in Lag(n) and Sp(n). We will study two (related) constructions of these
“intersection indices”: the Lagrangian and symplectic “Maslov indices”, which
extend the usual notion of Maslov index for loops to arbitrary paths in Lag(n)
and Sp(n), and which are directly related to the notion of “spectral flow”, and
the Conley—Zehnder index, which plays a crucial role in Morse theory, and its
applications to mathematical physics (we will apply the latter to a precise study
of metaplectic operators in Chapter 7).

The results in the two first sections are taken from de Gosson [63] and de
Gosson and de Gosson [67]. For applications to Morse theory and to functional
analysis, see Booss—Bavnbek and Furutani [14], Javaloyes and Piccione [130], Nos-
tre Marques et al. [131]

4.1 Lagrangian Paths

A Lagrangian path is a continuous mapping A :[0,1] — Sp(n); the vocation of a La-
grangian intersection index is to keep a precise account of the way that path inter-
sects a given locus (or “Maslov cycle”) in Lag(n). It can be viewed as a generaliza-
tion of the usual Maslov index in Lag(n), to which it reduces (up to the factor two)
when A is a loop. We begin by briefly discussing the notion of stratum in Lag(n).

4.1.1 The strata of Lag(n)

Let M™ be a m-dimensional topological manifold. A stratification of M™ is a
partition of M™ in a family {MF},ca of connected submanifolds (“strata”) of
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dimension k < m such that:
e The family {MFX},c4 is a locally finite partition of M™;
o If ME N MK, # ) for a # o then ME € MY, and &k < k/;

e ME \ M is a disjoint union of strata of dimension < k.

It turns out that to every Lagrangian plane £ we can associate a natural stratifi-
cation of Lag(n):
For ¢ € Lag(n) and 0 < k < n set

Lag,(n,k) = {¢' € Lag(n) : dim¢N ¢ = k}.

We will call Lag,(n; k) the stratum of Lag(n) of order k, relative to the Lagrangian
plane ¢. Clearly
Lag,(n; k) NLag,(n; k') =0 if k#K

and
Lag(n) = Uo<k<n Lagy(n; k).

One proves (see, e.g., Treves [164]; also see Robbin and Salamon [135]) that the sets
Lag,(n, k) form a stratification of Lag(n); moreover Lag,(n;0) is an open subset
of Lag(n) and the sets Lag,(n; k) are, for 0 < k < n, connected submanifolds of
Lag(n) with codimension k(k + 1)/2.

Definition 4.1. The closed set
¥¢ = Lag(n) \ Lag,(n;0) = Lag,(n, 1)

is called the “Maslov cycle relative to £”: it is the set of Lagrangians that are not
transverse to £. When ¢ = /p we call ¥, simply the “Maslov cycle”, and denote it
by 3.

Let us now enunciate a system of “reasonable” axioms that should be satisfied
by a generalization of the Maslov index for loops.

4.1.2 The Lagrangian intersection index

The definition we give here is sightly more general than those of, for instance,
Robbin and Salamon [135]. We do not in particular impose from the beginning
any “dimensional additivity”; this property is however satisfied by the explicit
indices we construct in the next subsection.

Let C(Lag(n)) be the set of continuous paths A : [0,1] — Lag(n). If A and
A’ are two consecutive paths (i.e., if A(1) = A’(0)) we shall denote by A * A’ the
concatenation of A and A’, that is, the path A followed by the path A’:

AQ2t) if 0<t< g,

AxN(t) = { M@ 1) if

1
l<t<l1
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We will use the notation A° for the inverse of the path A:
A(t)=A(1—t) , 0<t<1.

Finally, we shall write A ~ A’ when the paths A and A’ are homotopic with fized
endpoints.

Definition 4.2. A “Lagrangian intersection index” is a mapping

fiLag : C(Lag(n)) x Lag(n) — Z,
(A’ Z) — HLag (A’ Z)

having the following four properties:

(L1) Homotopy invariance: If the paths A and A’ have the same endpoints, then
Prag(A, ) = prag(A, £) if and only if A ~ A’;

(L2) Additivity under composition: if A and A’ are two consecutive paths, then

HLag(A * Alv é) = HLag(Avg) + :uLag(A/vg)

for every ¢ € Lag(n);

(Ls) Zero in strata: if the path A remains in the same stratum Lag,(n; k), then
PLag (A, €) is zero:

dim(A(t) N €)=k (0 <t <1) = prag(A,€) =0;
(L4) Restriction to loops: if 7 is a loop in Lag(n) then
pLag(7, £) = 2m(7)

(m(y) the Maslov index of «) for every ¢ € Lag g(n).

We note in particular that the axioms (L2) and (L4) imply that an intersection
index is antisymmetric in the sense that

g (A%, ) = —prag(A, 0). (4.1
Indeed, by (La) we have
fLag (A * A% 0) = prag(A, £) + prag(A°, 0)
and since the loop A x A° =~ is homotopic to a point (L4) implies that
g (A% A°,€) = 2m(y) = 0.

The system of axioms (L;)—(Ly4) is in fact equivalent to the system of axioms
obtained by replacing (L1) by the apparently stronger condition (4.2) below. Let
us first define the notion of “homotopy in strata”:
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Definition 4.3. Two Lagrangian paths A and A’ are said to be “homotopic in
the strata relative to £” (denoted A =y A’) if there exist a continuous mapping
h:]0,1] x [0,1] — Lag(n) such that

h(t,0) = A(t) , h(t,1)=A'(t) for 0<t<1
and two integers ko, k1 (0 < ko, k1 < n) such that
h(0,s) € Lag,(n; ko) and h(l,s) € Lagy(n; k1) for 0<s<1.

Intuitively A ~, A means that A and A’ are homotopic in the usual sense
and that the endpoints A(0) and A’(0) (resp. A(1) and A’(1)) remain in the same
stratum during the homotopy taking A to A’.

The intersection indices pras have the following property that strengthens (L1):

Proposition 4.4. If the paths A and A’ are homotopic in strata relative to ¢, then
,ULag(Av é) = ,ULag(A/v é):

A ~y A/ g ,ULag(A, é) = MLag(Alv é) (42)

Proof. Suppose that A =, A’ and define the paths gy and ; joining A’(0) to
A(0) and A(1) to A’(1), respectively, by eo(s) = h(0,1 — s) and €1(s) = h(1,s)
(0 < s<1). Then A*ey * A'~! g is homotopic to a point, and hence, in view of
(LQ) and (L4)2

NLag(Avg) + ,ULag(glvg) + :uLag(A/ilvg) + :uLag(50v é) =0.
But, in view of (Ls),

HLag(€1,0) = prag(€0,£) =0
and thus
MLag(Avg) + /‘Lag(Alilvg) = 0;

the conclusion now follows from the antisymmetry property (4.1). O

We will not discuss the uniqueness of an index defined by the axioms above;
the interested reader is referred to Serge de Gosson’s thesis [74] for a study of this
question.

Let us next construct explicitly a Lagrangian intersection index using the
properties of the ALM index studied in the previous chapter.

4.1.3 Explicit construction of a Lagrangian intersection index

Our approach is purely topological, and does not appeal to any differentiability
conditions for the involved paths, as opposed to the construction given in, for
instance, Robbin and Salamon [134].
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Theorem 4.5. For (A12,¢) € C(Lag(n)) x Lag(n) let us define Lo, £1.00 and {2 s
in the following way:
(i) oo is an arbitrary element of Lag. (n) covering £;
(ii) 41,00 15 the equivalence class of an arbitrary path Agr € C(Lag(n)) joining Lo
to 61,’
(iil) 2,00 is the equivalence class of Aoz = A1 * A1z .

Then the formula

Prag (A2, 0) = (02,00, boo) — 11(€1 00, Loc) (4.3)

defines an intersection index on Lag(n).

Proof. Let us first show that uyag(A12,¢) is independent of the choice of the ele-
ment ¢, of Lag._(n) covering £. Assume in fact that

WLag(ff)o) = WLag(Zw) ={;

then there exists r € Z such that ¢, = "l (B is as usual the generator of
m1[Lag(n)]) and hence

/’L(KQ,OO?gZ)o) = ,LL(KQ,Oovéoo) —2r 9 ‘LL(KLOO,éZX)) = /’L(él,oovgoo) —2r

in view of property (3.31) of the ALM index; it follows that

N(£2,00a€{>o) - u(‘gl,ooaéll,oo) = M(ZZOO»EOO) - M(Zl,OO»EOO)-

Let us next show that pirag(A12,¢) is also independent of the choice of Ag; and
hence of the choice of the element ¢ o, such that 7%28(¢; o) = ¢;. Let us replace
Ag1 by a path Aj; with same attributes and such that €] ., = 871 o £2,00 Will
thus be replaced by £ ., = "(2,o. Using again (3.31) we have

U(%,oovgoo) - ,U(Kll,oovéoo) = (02,005 oo) = (01,00, oo )

hence our claim. It remains to prove that the function py..g defined by (4.3) satisfies
the axioms (Lj1)—(Ly). Aziom Li. Let us replace the path Ajs by any path Af,
homotopic (with fixed endpoints) to Aja. Then Ags = Ag1 * A2 is replaced by a
homotopic path Aj; = Ag1 * Aj5 and the homotopy class ¢2 o does not change.
Consequently, prag(Alo,€) = prag(A12,0). Aziom Ly. Consider two consecutive
paths Ao and Asz. By definition

pLag(A23, £) = 11(€3 00, Loo) — [1(£y o0, o)
where £}

9.0 is the homotopy class of an arbitrary path Aj, and /3 o that of Agy *
Ag3. Let us choose Ajy = Agz. Then £ = 3 o and

HLag(A12,£) + pirag(A23, ) = p1(l2,00, loc) — (1,00, Co)
+ N(&i,oo»&:o) - N(€2,007£oo)7
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that is

PrLag(A12,0) + prag(A2s, £) = prag(Ais, )
which we set out to prove. Aziom Ls. Let A1z be a path in the stratum Lag,(n; k)
and denote by £ (t) the equivalence class of Agy * Aj2(t) for 0 < ¢ < 1. The map-
ping t — £ (t) being continuous, the composition mapping t — (oo (t), boo) is
locally constant on the interval [0, 1]. It follows that it is constant on that interval
since Lag,(n; k) is connected; its value is

hence p(A12,£) = 0. Aziom Ly. Let v € m1[Lag(n), £o)]. In view of formula (3.32)
in Corollary 3.22 we have the equality

firag (7, €) = 1(V0o,00, Loo) = p({0,00, £oc) = 2m(y)
which concludes the proof. ]

Let us now proceed to the study of symplectic intersection indices.

4.2 Symplectic Intersection Indices

The theory of symplectic intersection indices is analogue to the Lagrangian case;
in fact each theory can be deduced from the other. For the sake of clarity we
however treat the symplectic case independently. For different points of view and
deep applications to the theory of Hamiltonian periodic orbits see the monographs
by Ekeland [39] and Long [113].

4.2.1 The strata of Sp(n)

Similar definitions are easy to give for the symplectic group Sp(n). For ¢ € Lag(n)
and k an integer we call the set

Spe(n; k) ={S € Sp(n) : dimS¢N ¥ =k}

the stratum of Sp(n) of order k, relative to the Lagrangian plane £. The sets
Spe(n; k) indeed form a stratification of the Lie group Sp(n); clearly Sp,(n; k) is
empty for k < 0 or & > n, and we have

Spe(n; 0) = St(4)
(the stabilizer of ¢ in Sp(n)). We have of course
Sp(n) = Uo<rk<n Spy(n; k).
The strata Sp,(n; k) are not in general connected:
Exercise 4.6. Show directly that Sp,(n;0) has two connected components.

Exercise 4.7. Show that Sp,(n;k) is a submanifold of Sp(n) with codimension
k(k+1)/2. [Hint: it is sufficient to prove this for £ = £p; then use block matrices.]



4.2. Symplectic Intersection Indices 101

4.2.2 Construction of a symplectic intersection index

Let us now define symplectic intersection indices. We denote by C(Sp(n)) the set
of continuous paths [0, 1] — Sp(n):

C(Sp(n)) = C°([0,1], Sp(n)).
Definition 4.8. A symplectic intersection index is a mapping

psp : C(Sp(n)) x Lag(n) — Z,
(%,0) — NSp(Evg)

satisfying the following four axioms:

(S1) Homotopy invariance: if the symplectic paths ¥ and ¥/ are homotopic with
fixed endpoints, then ugp(X, £) = pgp (X', £) for all £ € Lag(n).

(S2) Additivity under concatenation: if ¥ and ¥’ are two consecutive symplectic
paths, then

psp(X # X', ) = psp(E, ) + psp(E', £)
for all £ € Lag(n).
(S3) Zero in strata: if ¥ and £ are such that Im(3¢) C Lag,(n), then ugp(X,£) = 0.
(S4) Restriction to loops: is 9 is a loop in Sp(n), then

psp (1, €) = 2m(4l)

for all £ € Lag(n); m(yf) is the Maslov index of the loop t — ()¢ in
Lag(n).
The following exercise proposes a symplectic version of Proposition 4.4:

Exercise 4.9. Show that if the symplectic paths ¥ and ¥’ are such that ¥¢ and
Y’¢ are homotopic in strata relative to ¢, then ps, (3, €) = pgp (X, £).

The data of an intersection index on Lag(n) is equivalent to that of an inter-
section index on Sp(n). Indeed, let prag be an intersection index on Lag(n) and
let 3 € C(Sp(n)) be a symplectic path. Then the function

C(Sp(n)) x Lag(n) > (£,£) — u(X0,4) € Z (4.4)

(3¢ being the path ¢ —— 3(¢)¢) is an intersection index on Sp(n).
Conversely, to each intersection index ug, we may associate an intersection
index prag on Lag(n) in the following way. For each ¢ € Lag(n) we have a fibration

Sp(n) — Sp(n)/ St({) = Lag(n)

(St(¢) the stabilizer of £ in Sp(n)), hence, every path A € C(Lag(n)) can be lifted
to a path X5 € C(Sp(n)) such that A = ¥ 4¢. One verifies that the mapping

HLag : C(Lag(n)) x Lag(n) — Z
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defined by
(A’ Z) L MSP(E/ME)

is an intersection index on Lag(n).

In Theorem 4.5 we expressed a Lagrangian intersection index as the differ-
ence between two values of the ALM index. A similar result holds for symplectic
intersection indices:

Proposition 4.10. Let 312 € C(Sp(n)) be a symplectic path joining Sy to Sy in
Sp(n). Let S1,00 be an arbitrary element of Sp.,(n) covering S1 and Sz . the
homotopy class of o1 * X12 (Xo1 a representative of S1,). The function pgp :
C(Sp(n)) — Z defined by

MSP(EI%Z) = N€<S2,oo) - Nﬁ(sl,oo) (45)
is an intersection index on Sp(n).

Proof. Consider {4, to be the homotopy class of an arbitrary path A joining ¢y
(the base point of Lag(n).) to £. We have

S1.00loo = class [t — o1 (£)A(2), 0 <t < 1]
(where “class” means “equivalence class of”) and

So1(28)A(2t), 0 <t <
52,0000 = class [t —
Y12(2t — 1)A(2t — 1),

hence, using (4.4) and (4.3),
NSp(El%E) = NLag(n) (21267 é) = Moo (52,006007 éoo) - Hoo(sl,oogoovgoo)

which is (4.5). O

<1

Let us illustrate the notions studied above on a simple example.

4.2.3 Example: spectral flows

Here is a simple application of the constructions above. Let (A(t))o<t<1 be a
family of real symmetric matrices of order n depending continuously on ¢ € [0, 1].
By definition the “spectral flow” of (A(t))o<i<1 is the integer

SF(A(t))o<i<1 = sign A(1) — sign A(0) (4.6)

where sign A(t) is the difference between the number of eigenvalues > 0 and the
number of eigenvalues < 0 of A(t).

We have the following result, which has been established in a particular
case by Duistermaat [34], and which relates the spectral flow to the notions of
Lagrangian and symplectic intersection indices:
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Proposition4.11. Let A be the Lagrangian path associated to the family (A(t))o<t<1

by
A) ={(z,A{t)x) ;2 e R"} , 0<t<1. (4.7)
Then the spectral flow of (A(t))o<i<1 is given by
SF(A(t))o<t<1 = prag(A, £x) (4.8)
or, equivalently
SF(A(®)osi<t = (S £x) (49)

where ¥ 4 the symplectic path defined by

=0 =Voso = [y 1]
for0 <t <1.

Proof. Formula (4.9) follows immediately from formula (4.8) observing that

e 18] = e

To prove formula (4.8) we begin by noting that dim(A(¢) N{€p) =n for 0 <t <1,
and hence

iras(A, £p) = 0 (4.10)
in view of the axiom (Ls3) of nullity in the strata. By definition of pir.s we have,
with obvious notation,

frag (A €x) = p(A(L)oo; £x,00) = #(A(0)oc, £X 00)-
In view of the property Ou = 7 of the ALM index,
(A )oo, £x 00) = A(t)oos £P00) = —p(lX 00, P,0c) + T(A(E), £x, LP)

for 0 <t <1, and hence, taking (4.10) into account,

prag(A, €x) = 7(A(1),¢x,¢p) — T(A(0),lx,p)

=7lp,A(1),lx) — ({p,A(1),0x).
In view of formula (1.24) in Corollary 1.31 (Subsection 1.4.1) we have
T(lp, A(t), x) = sign(A(?))

and formula (4.8) follows. O

The result above is rather trivial in the sense that the spectral flow (4.6)
depends only on the extreme values A(1) and A(0). The situation is however
far more complicated in the case of infinite-dimensional symplectic spaces and
its analysis requires elaborated functional analytical techniques (see for instance
Booss—Bavnbek and Furutani [14]).
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4.3 The Conley-Zehnder Index

Here is another type of symplectic intersection index, due to Conley and Zehnder
[25] (also see Hofer et al. [90]). We will use it in the study of the Weyl representation
of the metaplectic group in Chapter 7 (Subsection 7.4.2). It also plays an important
role in the Gutzwiller theory [86] of semiclassical quantization of classically chaotic
Hamiltonian systems and in the theory of periodic Hamiltonian orbits and related
topics (such as Morse theory and Floer homology).

4.3.1 Definition of the Conley—Zehnder index

Let ¥ be a continuous path [0, 1] — Sp(n) such that ¥(0) = I and det(%(1)—1) #
0. Loosely speaking, the Conley—Zehnder index [25, 90] counts algebraically the
number of times this path crosses the locus

Spo(n) = {S : det(S — I) = 0}.
To give a more precise definition we need some additional notation. Let us define

SpT(n) = {S:det(S—1I) >0},
Sp~(n) ={S :det(S—1T) < 0}.

These sets partition Sp(n), and Sp*(n) and Sp~(n) are moreover arcwise con-

nected (this is proven in [25]); the symplectic matrices ST = —TI and
- [é Lol} . L= diag[2,—1,...,—1]

belong to Sp*(n) and Sp~(n), respectively.
Let us denote by p the mapping Sp(n) — S* defined as follows:

S € Sp(n) — U = S(ST8)"Y2 € U(n) — detc U € S*
where

B A

We obviously have p(ST) = (—=1)" and p(S™) = (-1)"~L.

We now have all we need to define the Conley—Zehnder index. Let us denote
by C*(2n,R) the space of all paths ¥ : [0,1] — Sp(n) with £(0) = I and
%(1) € Sp*(n). Any such path can be extended into a path % : [0,2] — Sp(n)
such that S(t) € Sp(n) for 1 < t < 2 and £(2) = S+ or %(2) = S~. The
orthogonal part of the polar decomposition of f](t) is given by the formula

detc U = det(A+4B) if U= [A _B] :

U(t) = S()(E0)S()
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(cf. the definition of the Maslov index on Sp(n), formula (3.12)). When ¢ varies
from 0 to 2 the complex number detc U(t) = ¢® varies from ¢?(©®) = 1 to
e?(?) = +1 so that 0(2) € 7Z.

Definition 4.12. The mapping icz : C*(2n,R) — Z defined by
. 6(2
ion(m) = 22
™
is called the Conley—Zehnder index on C*(2n, R).

It turns out that icz(X) is invariant under homotopy as long as the endpoint
S = ¥(1) remains in Spi(n); in particular it does not change under homotopies
with fixed endpoints so we may view icz as defined on the subset

Spi.(n) = {Sw : det(S —I) # 0}

of the universal covering group Sp.,(n). With this convention one proves (see [90])
that the Conley—Zehnder index is the unique mapping icz : Sps,(n) — Z having
the following properties:

(CZ1) Antisymmetry: For every S, we have
i07(S') = —icz(Se0) (4.11)

where S! is the homotopy class of the path ¢ — S, 1,

(CZs2) Continuity: Let ¥ be a symplectic path representing So, and ¥’ a path
joining S to an element S’ belonging to the same component Sp*(n) as
S. Let S’ be the homotopy class of 3 x X/. We have

icz(So0) = icz(S%); (4.12)
(CZs3) Action of m1[Sp(n)):
icz(@"Sx) = icz(9s0) + 2 (4.13)
for every r € Z.

The uniqueness of a mapping Spi_(n) — Z satisfying these properties is actually
rather obvious: suppose ¢y, : Spi,(n) — Z has the same properties and set
0 = icz — igy. In view of (CZ3) we have §(a"So) = §(Ss) for all € Z hence
§ is defined on Sp*(n) = Sp™(n) USp~(n) so that §(Ss) = §(S) where S = S,
the endpoint of the path ¢ — S;. Property (CZsy) implies that this function
Sp*(n) — Z is constant on both Sp™(n) and Sp™ (n). We next observe that since
det S = 1 we have det(S~! — I) = det(S — I) so that S and S~! always belong
to the same set Sp™(n) or Sp~(n) if det(S — I) # 0. Property (CZ;) then implies
that 6 must be zero on both Sp™*(n) or Sp~(n).
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One proves that the Conley—Zehnder in addition satisfies:

(CZ4) Normalization: Let J; be the standard symplectic matrix in Sp(1). If
S; is the path t — ™71 (0 < t < 1) joining I to —I in Sp(1), then
102.1(51,00) = 1 (icz,1 the Conley—Zehnder index on Sp(1));

(CZs) Dimensional additivity: if S1 o € Spas(n1), 52,00 € Spag(n2), N1 +n2 =n,
then
10z(S1,00 B S2,00) = 1c7,1(S1,00) + 10z,2(52,00)

where icz ; is the Conley—Zehnder index on Sp(n;), j = 1,2.

These properties will actually easily follow from the properties of the extended
index we will construct. Let us first introduce a useful notion of Cayley transform
for symplectic matrices.

4.3.2 The symplectic Cayley transform

Our extension of the index iz requires a notion of Cayley transform for symplectic
matrices.

Definition 4.13. If S € Sp(n), det(S — I) # 0, we call the matrix

Mg =3J(S+I)(S—1)"" (4.14)

the “symplectic Cayley transform of S”. Equivalently:

Mg=1L7+J(8-1"" (4.15)

-2

It is straightforward to check that Mg always is a symmetric matrix: Mg =
Mg In fact:

ME =17 (ST - =-1g4 (IS8T — ),

that is, since JST = S~'J and (S~' —I)~1 = (I — S)~1S:
M§ =3+ (S T-J) P ==2T-JI-95)""S.
Noting the trivial identity (I —S)~1S = —I + (I — S)~! we finally obtain

ME=L7—-JI-S)" = Ms.

The symplectic Cayley transform has the following properties:

Lemma 4.14.
(i) We have
(Mg + Mg))™' = —(8' = I)(SS' — 1)~ (S —I)J (4.16)
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and the symplectic Cayley transform of the product SS’ is (when

given by the formula
Mss = Mg+ (ST = 1)~"J(Ms + Mg) "' J(S = 1)~
(ii) The symplectic Cayley transform of S and S™! are related by
Mg-1 =—Ms.
Proof. (i) We begin by noting that (4.15) implies that
Mg+ Mg = J(I+(S—1)""+ (8= 1)7h),
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defined)

(4.17)

(4.18)

(4.19)

hence the identity (4.16). In fact, writing S5’ —I = S(S' —I) + S — I, we have

(8" =D)(SS' =D)TH(S-1) = ("= D(S(S" =)+ S =17 (S - 1)

(S=D7'S+(s"=D7")
=T+ (S=D7 + (8 =D

(S =D)71S(S" =D = D)H + (9 -

n=hH=

the equality (4.16) follows in view of (4.19). Let us prove (4.17); equivalently

Mg+ M = Mgs
where M is the matrix defined by
M= (ST —1)7'J(Ms + Mg) ' J(S —T)!
that is, in view of (4.16),

M= (ST -1)7'J(s" —1)(SS' — 1)~

(4.20)

Using the obvious relations ST = —JS~1J and (=St +1)"! = S(S - 1)~ we

have
=T -n7tJs —1)(SS -1t
=—J(=St+ DN -1)(SS -1t
=-JS(S-I)"YS' -DN(SS' —-1)!
that is, writing S =5 -1+ 1,

M=—J(S" —0(SS -1 —JS -1 -I)(SS — 1)~ .

Replacing Mg by its value (4.15) we have

Mg¢+ M
=JEI+(S-I)"'— (& -DI)(SS —I)' = (S—I)"1 (S — I)(SS

-7
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noting that
S—n"t—(S -8 -1SS -1
=S —-0)"HSS —I-S8"+D)(SS' - 1))
that is
S—D"'—(S - -DNSS - =(S—-1)"HSS - 8)SS —I)7*
=8'(88" —1)7h
we get

Mg+ M=JGEI—(S'—1)(SS'—I)"' +8' (88" - 1))
=J@EI+ (88" -1
= Mgs:
which we set out to prove.

(ii) Formula (4.18) follows from the sequence of equalities

Mg =3J+J(S™'=1)7"
=17-JS(S-n"
=iJ-JS-1+0(S-D""
=—2J-J(S -1
— _Ms. O

4.3.3 Definition and properties of v(S.)
We define on R?" @ R?" a symplectic form ¢© by
0% (21, 223 21, 25) = 0 (21, 2}) — (29, 25)

and denote by Sp9(2n) and Lag9(2n) the corresponding symplectic group and
Lagrangian Grassmannian. Let 4 be the Leray index on Lagoeo(2n) and u% the
Maslov index on SpZ (2n) relative to L € Lag®(2n).

For Se € Spo.(n) we define
1
V<SOO) = 5”6((1 S2) S)ovom A<>o) (421)

where (I @ S)s is the homotopy class in Sp®(2n) of the path

t—{(2,82):z€R*"} , 0<t<1
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and A = {(z,2) : z € R?} the diagonal of R?" @ R?". Setting S;” = I © S; we
have S € Sp®(2n) hence formulae (4.21) is equivalent to

Y(S0) = S (52) (122)

where uf is the relative Maslov index on SpS (2n) corresponding to the choice
A € Lag®(2n).
Note that replacing n by 2n in the congruence (3.28) (Proposition 3.19) we
have
pE((I & S)ooAoo, Aso) =dim((I © S)ANA) mod?2
= dimKer(S —I) mod?2
and hence

V(Seo) = =dimKer(S —I) mod]1.

N =

Since the eigenvalue 1 of S has even multiplicity, (S ) is thus always an integer.

The index v has the following three important properties; the third is essential
for the calculation of the index of repeated periodic orbits (it clearly shows that
v is not in general additive):

Proposition 4.15.
(1) For all Sec € Spoo(n) we have

(S = —v(Sx) , v(Is) =0 (4.23)

(Iso the identity of the group Sp.,(n)).
(ii) For all r € Z we have

v(a"Seo) = V(Seo) + 21, v(a") = 2r. (4.24)

(i) Let Sso be the homotopy class of a path ¥ in Sp(n) joining the identity to
S € Sp*(n), and let S’ € Sp(n) be in the same connected component Sp~ (n)
as S. Then v(S.,) = v(S) where S’ is the homotopy class in Sp(n) of the
concatenation of ¥ and a path joining S to S’ in Spy(n).

Proof. (i) Formulae (4.23) immediately follows from the equality (S)~! = (I ®
S~1)o and the antisymmetry of u%.

(ii) The second formula (4.24) follows from the first using (4.23). To prove the
first formula (4.24) it suffices to observe that to the generator a of w1 [Sp(n)]
corresponds the generator I, @ a of m1[Sp®(2n)]; in view of property (3.41) of the
Maslov indices it follows that

v(a"Se) = Mg((Ioo @a)TSO@O)
(HR(SS) + 4r)

Seo) + 2.

T = o=
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(iii) Assume in fact that S and S’ belong to, say, Sp™ (n). Let S, be the homotopy
class of the path ¥, and X’ a path joining S to S’ in Sp™(n) (we parametrize both
paths by t € [0, 1]). Let £}, be the restriction of ¥’ to the interval [0,¢], ¢’ < t and
Seo(t') the homotopy class of the concatenation ¥ X}, . We have det(S(¢)—1) > 0
for all t € [0,#'], hence S ()ANA # 0 as t varies from 0 to 1. It follows from the
fact that the u is locally constant on the set {SS : SQANA = 0} (property (ii)
in Proposition 3.29) that the function ¢ — uf (S (t)) is constant, and hence

pR(SS) = R (S(0))
pR(S2(1))
3 (S%)

which was to be proven. (|

The following consequence of the result above shows that the indices v and
icz coincide on their common domain of definition:

Corollary 4.16. The restriction of the index v to Sp*(n) is the Conley—Zehnder
index:

V(Soo) = icz(Seo) if det(S —1I) #0.

Proof. The restriction of v to Sp*(n) satisfies the properties (CZ;), (CZ3), and
(CZs3) of the Conley—Zehnder index listed in §4.3.1; we showed that these proper-
ties uniquely characterize icy. O

Let us prove a formula for the index of the product of two paths:

Proposition4.17. If So., S._, and S S., are such that det(S—1T) # 0, det(S'—1) #
0, and det(SS" — 1) # 0, then

V(SocShy) = V(Soc) + v(Sh,) + 3 sign(Mg + Mg/) (4.25)
where Mg is the symplectic Cayley transform of S; in particular
v(S5) = rv(Seo) + 3(r — 1) sign Mg (4.26)
for every integer r.

Proof. In view of (4.22) and the product property (3.42) of the Maslov index
(Proposition 3.29) we have

V(SecSho)

v(Sx) +v(SL) + %TG(A, SOA,SCSCA)
U(Soo) + v(S) — LrO(S9S™OA, SOA, A)

where S® =1@ S, §'° =1@® S’ and 7° is the signature on the symplectic space
(R2" @R?",6°). The condition det(SS’ —I) # 0 is equivalent to S°S’CANA =0
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hence we can apply Proposition 1.29 with ¢ = S®S"©@A, ¢/ = SCA, and ¢’ = A.
The projection operator onto S©S’©A along A is easily seen to be

. [ a-ssyt (-8
POSOAA T eg(1— 85T —SS(1— 85|
hence 79 (S®S"@A, SPA, A) is the signature of the quadratic form

Qz) = Ue(PrSeS/eA,A(Z, Sz); (z,52)),

that is, since 0© =0 S 0

Q(z)=0o((I =88 I —9)z2))—0c(SS'(I—-S88) " (I—-25)z52))
=o((I—88) I —-8)z2)—0a(S'(I—-S5)1I—-8)z72))
=o((I -8 I —-8S)"YI—-9)z2)).

In view of formula (4.16) in Lemma 4.14 we have
(I-58)(SS"—I)7' (I - 8)=(Mg+ Mg/)~"J,

hence
Qz) = — <(Ms + Ms/)flJz, Jz>

and the signature of @ is thus the same as that of the quadratic form
Q'(2) = —((Ms + Mgs/) " '2,2),

that is —sign(Mgs + Mg/) proving formula (4.25). Formula (4.26) follows by a
straightforward induction on the integer r. |

It is not immediately obvious that the index i, of the periodic orbit « is
independent of the choice of the origin of the orbit. Let us prove that this is in
fact the case:

Proposition 4.18. Let (f;) be the flow determined by a (time-independent) Hamil-
tonian function on R®" and z # 0 such that fr(z) = z for some T > 0. Let
2" = fy(z) for some t' and denote by St(z) = Dfr(z) and St(z') = Dfr(Z') the
corresponding monodromy matrices. Let St(2)ee and St(2')eo be the homotopy
classes of the paths t — Si(z) = Dfi(z) and t — Sy(2') = Df(2'), 0 <t < T.
We have v(ST(2)00) = V(ST(7')0)-

Proof. We have proven in Lemma 2.61 that monodromy matrices St (z) and S (z’)
are conjugate of each other. Since we will need to let ¢ vary we write Sr(z') =
St(2',t') so that

ST(Z/,t/) = St/ (Z/)ST(Z)St/ (Z/)il.

The paths
t— S¢(z') and tr— Sy (2)Si(2)Sy ()
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being homotopic with fixed endpoints S (2’, ') is also the homotopy class of the
path t — Sy/(2')S;(2) Sy (2')~1. We thus have, by definition (4.21) of v,

U(St( )oe) = 515, (57 (2)ec)

where we have set
Ay =T ®Sy(2)™HA and SF(2)e = Too ® S7(2)co-
Consider now the mapping ¢ — ugﬂ (SE(2)o0); We have
S2(2)Apy N Ay ={z: Sz =z},

hence the dimension of the intersection S%(2)Ay N Ay remains constant as ¢/
varies; in view of the topological property of the relative Maslov index the mapping
t'— “gw (ST (2)oo) is thus constant and hence

V(ST (2", )00) = v(S7(2,0)00) = v(S7(2)o0)

which concludes the proof. (|

4.3.4 Relation between v and i,

The index v can be expressed in a simple — and useful — way in terms of the Maslov
index g, on Sp (n). The following technical result will be helpful in establishing
this relation. Recall that S € Sp(n) is free if S¢p N¥¢p = 0 and that this condition
is equivalent to det B # 0 when S is identified with the matrix

g_ [é g} (4.27)

in the canonical basis; the set of all free symplectic matrices is dense in Sp(n).
The quadratic form W on R} x R7 defined by

W(z,2") = 5 (Pz,2) — (Lo, ) + 5 (Q2',2)

where

P=DB ', L=B"1'Q=B1'4 (4.28)

then generates S in the sense that
(z,p) = S(a',p) = p= 0 W(x,2') , p' = —0pW(z,2")

(observe that P and @ are symmetric). We have:
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Lemma 4.19. Let S = Sw € Sp(n) be given by (4.27). We have
det(Sw —I) = (=1)"det Bdet(B~*A+ DB~' — B~ — (BT)™1), (4.29)
that is:
det(Sy —I) = (=1)"det(L™ ') det(P+Q — L — L™).
In particular the symmetric matric
P+Q-L-L"=DB'+B'A-B7'— (B!
is invertible.

Proof. Since B is invertible we can factorize S — I as

{AI B ][O B ]{C’(D[)Bl(AI) 0

¢ D-I| |I D-1I B~ 1(A-1) 1
and hence
det(Sy — I) = det(—B) det(C — (D —I)B~ (A —1I))
= (=1)"det Bdet(C — (D — I)B~*(A - I)).

Since S is symplectic we have C — DB~1A = —(BT)~! and hence

C—(D-NBYA-1))=B'A+DB™'-B~' — (BT,
the lemma follows. |

Let us now introduce the notion of index of concavity of a Hamiltonian
periodic orbit v, defined for 0 < ¢t < T, with v(0) = v(T') = 2. As t goes from
0 to T the linearized part D~(t) = St(20) goes from the identity to St(z0) (the
monodromy matrix) in Sp(n). We assume that St (zg) is free and that det(Sr(zo)—

I) # 0. Writing
_ A% B()
st = ot oo
we thus have det B(t) # 0 in a neighborhood [T — &, T + €] of the time T. The
generating function

Wz, o 1) = % (P(t)z, ) — (L(t)z, 2’} + % Q) a')

(with P(t), Q(t), L(t) defined by (4.28) thus exists for T —e¢ < ¢t < T +¢. By
definition Morse’s index of concavity [126] of the periodic orbit « is the index of
inertia,
Inert W/ = Inert(P +Q — L — LT)

of W | the matrix of second derivatives of the function x —— W (x,x; T) (we have
set P=P(T), Q@ =Q(T), L =L(T)).

Let us now prove the following essential result; recall that m, denotes the
reduced Maslov index associated to p:
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Proposition 4.20. Lett — S; be a symplectic path, 0 <t < 1. Let S € Sp.(n) be
the homotopy class of that path and set S = Sy. If det(S—1) # 0 and S¢pNilp =0,
then

1
V(Seo) = §(Wp (Soo) +sign W) = my, (Ss) — Inert W7, (4.30)

where Inert W' is the index of concavity corresponding to the endpoint S of the
path t — S;.

Proof. We will divide the proof in three steps. Step 1. Let L € Lag®(4n). Using
successively formulae (4.22) and (3.44) we have

V(Sso) = %(u%(s(?o) +79(S°A, A, L) — 7°(S°A, S°L, L)). (4.31)

Choosing in particular L = Lo = £p & £p we get
= N(Zp,oovgl:’,oo) - /'L(ZP,(XH SOOEP,()O)
= _M(ZP,O(HSOOEP,OO)
= lep (SOO)

so that there remains to prove that
T9(SPA, A, Lg) — 79 (S®A, S® Lo, Ly) = —2sign W/,
Step 2. We are going to show that
T9(S®A, S® Ly, Lo) = 0;

in view of the symplectic invariance and the antisymmetry of 7© this is equivalent
to
79(Lo, A, Lo, (S®) "' Lo) = 0. (4.32)

‘We have
ANLy={(0,p;0,p):peR"}

and (S©)~1LoN Lo consists of all (0, p’, S~1(0,p")) with S=1(0,p") = (0, p’); since
S (and hence S™1!) is free we must have p’ = p” = 0 so that

(S9)"'LoN Lo = {(0,p;0,0) : p € R"}.
It follows that we have
Lo=ANLy+(S°)'LoN Lo,
hence (4.32) in view of Proposition 1.30. Step 3. Let us finally prove that.

T9(SPA,A, L) = —2sign W ;

xrx)
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this will complete the proof of the proposition. The condition det(S — I) # 0 is
equivalent to S°A N A = 0 hence, using Proposition 1.29, the number

TG(SGA, A, Lo) = 7’7’e (SGA, Lo, A)
is the signature of the quadratic form @) on L defined by

Q(Oapv Oapl) = _Ue (PTSGA,A(()’P» Oapl); Ovpa Ovp/)

where
(S—1)"1 —(S—-1)"1

P —
PEAA T gt (S — 1)

is the projection on S A along A in R2® @R?". It follows that the quadratic form
Q is given by

Q(0,p,0,p") = == ((I = 8)71(0,p"),S(I — 5)71(0,p"); 0,p,0,p)
where we have set p” = p — p'; by definition of ¢© this is
Q(0,p,0,p") = —o((I = 8)71(0,p"),(0,p)) + o (S(I = S)~1(0,p"), (0,)).
Let now Mg be the symplectic Cayley transform (4.14) of S; we have
(I-8) ' =JMs+2iI , S(I-9)"'=JMs—1LI
and hence

Q(0,p,0,p") = —a((JMs + 51)(0,p"), (0,p)) + o((JMs — 31)(0,p"), (0,p"))
= —o(JMs(0,p"),(0,p)) + o(JMs(0,p"),(0,p"))
= o(JMs(0,p"), (0,p"))
= — (Ms(0,p"), (0,p")) .

Let us calculate explicitly Mg. Writing .S in usual block-form we have

0 B
S—1I=
I D-1

C—(D-DIBYA-1) 0
B~Y(A-1T) |’
that is
0 B W 0
S_I:[I DI} [Bl(AI) 1]

where we have used the identity

C—(D-NHB Y A-1))=B'A+DB™'-B~'—(B")™!
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which follows from the relation C — DB~'A = —(BT)~! (the latter is a rephrasing
of the equalities DT A — BTC = I and DT B = B” D, which follow from the fact
that ST.JS = ST JS since S € Sp(n)). It follows that

1 (W)~ ol [1-D)B' I
(5=1) B~HI - A)(Wy,)~ 11 B~ o}
_ (Wi) (I = D)B~! (Wee) ™
BT = A)(W) (I = D)B~H + B~ BTHI = A)(Wy,) ™
and hence

Mo =
° —Lr— (W!)"(I-D)B — (W)

BN I = AYWL,) (I = D)B~ + B! ¥+B*a—mmarj
1

from which follows that

Q(0,p,0,p") = (W7,)"'p",p")
=W p—p)(p—p)).

The matrix of the quadratic form @ is thus

(W// )—1 _(W// )—1

2 *(W” )—1 (W// )71

and this matrix has signature 2 sign(W}/ )~ = 2sign W/ | proving the first equal-
ity (4.30); the second equality follows because i, (Soo) = 2my,(Ss) — n since
Slp Nep =0 and the fact that W/, has rank n in view of Lemma 4.19. O

Remark 4.21. Lemma 4.19 above shows that if S is free then we have

1
—argdet(S — I) = n+ argdet B + argdet W,/ mod 2
™
=n — argdet B + argdet W, mod2.
The reduced Maslov index my, (S« ) corresponds to a choice of arg det B modulo 4;

Proposition 4.20 thus justifies the following definition of the argument of det(S—1)
modulo 4:

1
—argdet(S —I)=n—v(Sw) modd4.
T

Let us finish with an example. Consider first the one-dimensional harmonic
oscillator with Hamiltonian function

H = %(pQ +a7%);
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all the orbits are periodic with period 27 /w. The monodromy matrix is simply the
identity: Y7 = I where
coswt  sinwt
¥y = . .
—sinwt coswt

Let us calculate the corresponding index v(X). The homotopy class of path
t— 3, as t goes from 0 to T = 27/w is just the inverse of a, the generator of
71[Sp(1)] hence v(Xo) = —2 in view of (4.24). If we had considered r repetitions
of the orbit we would likewise have obtained v(Xs) = —2r.

Consider next a two-dimensional harmonic oscillator with Hamiltonian func-

tion
Yy

2
we assume that the frequencies wy, w, are incommensurate, so that the only pe-
riodic orbits are librations along the x and y axes. Let us focus on the orbit ~,
along the x axis; its prime period is T = 27/w, and the corresponding monodromy
matrix is

Wz
H =05 +2%) + 5 (0, +9°);

1 0 0 0
|0 cosx 0 siny o Wy,
Sl— O 0 1 O ) X_27rwz7
0 —siny 0 cosy

it is the endpoint of the symplectic path t — Sy, 0 < ¢t < 1, consisting of the
matrices

cos 2wt 0 sin 27t 0
g — 0 cos xt 0 sin xt
t —sin 27t 0 cos 2t 0
0 —sin xt 0 cos xt

In Gutzwiller’s trace formula [86] the sum is taken over periodic orbits, including
their repetitions; we are thus led to calculate the Conley—Zehnder index of the path
t — S; with 0 < t < r where the integer r indicates the ~mumber of repetitions

of the orbit. Let us calculate the Conley—Zehnder index v(Sy o) of this path. We
have S; = X; & S; where

)

5, — cos2mt  sin 27rt] ’ 3, = {cosxt sinxt}

—sin2wt  cos 2wt —sinxt cosxt
in view of the additivity property of the relative Maslov index we thus have
V(Sro0) = V(Zr00) + V(ST,OO)

where the first term is just
V(8 00) = —2r

in view of the calculation we made in the one-dimensional case with a different
parametrization. Let us next calculate v(Sy o). We will use formula (4.30) relat-
ing the index v to the Maslov index via the index of concavity, so we begin by
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calculating the relative Maslov index
Mep (ST,OO) = m(S’T‘,OOZP,OOa ép,oo)'

Here is a direct argument; in more complicated cases the formulas we proved in
[68] are useful. When t goes from 0 to r the line S;¢p describes a loop in Lag(1)
going from £p to S,p. We have S; € U(1); its image in U(1,C) is e~*X* hence the
Souriau mapping identifies S¢¢p with e~2X*, It follows, using formula (3.26), that

- 1 ) 1
Mep (Sr00) = =— (—27°x + iLog(—e‘zWX)) + =

2T 2
1 - 1
=5 (—27“)( —l—iLog(el(*QTX‘L”))) + 3
The logarithm is calculated as follows: for 6 # (2k + 1)7 (k € Z),
- 0
Loge” =if — 2mi [ + ﬂ-]
2m
and hence _ ”
Log(e'(=2+m)) = _i(2rx 4 7 4 27 [—X} );
T
it follows that the Maslov index is
~ r
Mep(Sro0) = — {?X} . (4.33)

To obtain V(S‘T,Oo) we note that by (4.30)
u(§mo) = mép(§1,oo) — Inert W;’z

where Inert W/ is the concavity index corresponding to the generating function
of Sy; the latter is

W (x, 2’ t) (2 4 2'*) cos xt — 2z2’),

~ 2sin xt
hence W/ = —tan(xt/2). We thus have, taking (4.33) into account,

G X X

V(Sro0) = — [?} — Inert (— tan 7) ;
a straightforward induction on r shows that this can be rewritten more conve-
niently as

~ r
V(Spoe) = —1—2 {—X} :
27

Summarizing, we have

V(Sro0) = V(Zr00) + V(Sr.00)

X
— 2 —1—2[—},
" 2w
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hence the index in Gutzwiller’s formula corresponding to the rth repetition is

X
T,y — Sroo =1 2 2|:_:|
Har = —V(Sroo) = 1+ 27 + 22X

that is, by definition of y,

Moy =14+2r+2 [rﬁ] .
Wy
Remark 4.22. The calculations above are valid when the frequencies are incom-
mensurate. If, say, w, = wy, the calculations are much simpler: in this case the
homotopy class of the loop t — Sy, 0 <t < 1,is @' @ a~! and by the second
formula (4.24),
Hx,r = _V(Sr,oo) =4r

which is zero modulo 4.
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Chapter 5

Lagrangian Manifolds
and Quantization

Lagrangian manifolds are (immersed) submanifolds of the standard symplectic
space R?" whose tangent space at every point is a Lagrangian plane. What makes
Lagrangian manifolds interesting are that they are perfect candidates for the (semi-
classical) quantization of integrable Hamiltonian systems. Moreover, every La-
grangian manifold has a “phase”, which is defined on its universal covering; this
notion will ultimately lead us, using only classical arguments, to the Heisenberg—
Weyl operators, which are the first step towards quantum mechanics. In the next
chapter they will be used to define the notion of Weyl pseudo-differential operator.

In his Bulletin review paper!' [177] Weinstein sustains that “Everything is
a Lagrangian manifold!”. Weinstein has made a point here, because mathemati-
cally and physically interesting examples of Lagrangian manifolds abound in the
literature on both classical and quantum mechanics.

5.1 Lagrangian Manifolds and Phase

In the first subsection we state the main definitions and properties of (immersed)
Lagrangian manifolds; for more on this topic the reader is invited to consult the
existing literature (for instance Maslov [119], Mischenko et al. [124], Vaisman [168])
We thereafter proceed to study the important notion of phase of a Lagrangian
manifold, as defined by Leray [107] (also see de Gosson [59, 62, 70] for additional
results).

1Tt also contains an interesting review of the state of symplectic geometry in the beginning
of the 1980s.
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5.1.1 Definition and examples

All manifolds are assumed to be C*°. We begin by defining the notion of immersed
Lagrangian manifold; unless otherwise specified we will assume that all involved
manifolds are connected.

Definition 5.1. Let V" be an n-dimensional manifold and ¢ : V* — R2" an
immersion (i.e., ¢ is a differentiable mapping such that dv is injective at every
point). We will say that V" is an “immersed Lagrangian manifold” if t*¢ = 0. The
tangent space T, V"™ at z will be denoted ¢(z).

An immersed manifold V" is thus Lagrangian if and only if we have
o(du(2)X (2),du(2)X'(2)) =0

for every pair (X (z), X'(2)) of tangent vectors to V™ (at every point z); in intrinsic
notation:

fo=0
where 1o is the pull-back of the symplectic form by the immersion ¢ : V* — R2".

Example 5.2. Any smooth curve in the symplectic plane (R?, — det) is a Lagrangian
manifold (every line is a Lagrangian plane in (R?, — det). The helix

x(0) = Rcosf, z(0) = Rcos® , =10
is an immersed Lagrangian submanifold of (R?, — det).

Proposition 5.3. Let V™ be a Lagrangian submanifold of (R?", o) and f a symplec-
tomorphism R2" — R?" defined on a neighborhood of V™. The manifold f(V")
s also Lagrangian.

Proof. Ttis clear that f(V"™) is a differentiable manifold since a symplectomorphism
is a diffeomorphism. The tangent plane to f(V™) at a point f(z) is D f(z)¢(z); the
result follows since D f(z) € Sp(n) by definition of a symplectomorphism and us-
ing the fact that the image of a Lagrangian plane by a symplectic linear mapping
is a Lagrangian plane. (|

It follows, in particular, that the image by a Lagrangian plane by a symplectic
diffeomorphism is a Lagrangian manifold.

A basic (but not generic) example of Lagrangian manifold in (R%", o) is that
of the graph of the gradient of a function:

Proposition 5.4. Let ® € C°(U,R) where U is an open subset of R™.
(i) The graph
b ={(z,0,P(x)): 2 €U}
is a Lagrangian submanifold of (R?", ).
(ii) The orthogonal projection on £x = R2 is a diffeomorphism Vi — U, and
thus a global chart.
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Proof. (i) It suffices to notice that an equation for the tangent space ¢(zg) to Vi
at zo = (zo,po) is

p = [D(9:9)](wo)a = [D*®(x0)]
where D?®(x¢) is the Hessian matrix of ® calculated at xp. The latter being
symmetric, £(z) is a Lagrangian plane in view of Corollary 1.23 in Chapter 1,
Section 1.3.

Property (ii) is obvious. O

Lagrangian manifolds V" having the property that there exists a Lagrangian
plane £ such that the projection 7y : V'* — /¢ is a diffeomorphism are called ezact
Lagrangian manifolds. It turns out that every Lagrangian submanifold of (R?", o)
is locally exact. Let us make this statement precise. We denote by I an arbitrary
subset of {1,2,...,n} and by I its complement in {1,2,...,n};if I = {iy,... iz}
we write x7 = (x;,,...,x;,) and use similar conventions for z7, p;, and py.

Proposition 5.5. Let V" be a submanifold of (R?",o). V" is Lagrangian if and
only every zo € V™ has a neighborhood U, in V™ defined in R*" by equations
ry = (21, py), pr = pr(xr, py) such that

dur\' _ Oz (Opr\" _ bt
opr)  Opy T \Oxr)  Oxr
)" _ g
8})7 N 8:1:1 '
Proof. The proof of this result relies on Proposition 1.25 on canonical coordinates

for a Lagrangian plane; since we will not use it in the rest of this chapter we omit its
proof and refer to, for instance Vaisman [168], §3.3, or Mischenko et al. [124]. O

5.1.2 The phase of a Lagrangian manifold

Consider now an arbitrary Lagrangian submanifold V" of (R2", o) equipped with
a “base point” zp; we denote by 71[V"] the fundamental group 71 [V"™, zg]. Let us
denote by V™ the set of all homotopy classes Z of paths (2o, z) starting at zo and
ending at z, and by

m:V— Y
the mapping which to Z associates the endpoint z of any of its representatives
(20, 2). It is a classical result from elementary algebraic topology (see for instance

Seifert-Threlfall [148] or Singer-Thorpe [154]) that the set V" can be equipped
with a differential structure having the following properties:

e V" is a simply connected and connected C'* manifold;

e 7 is a covering mapping: every z € V" has an open neighborhood U such
that 7=1(U) is the disjoint union of a sequence of open sets Uy, Us, ..., in
V™ and the restriction of m to each of the Uj; is a diffeomorphism U; — U.
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e The tangent mapping
dsm: T:V" — T, V"
has maximal rank n at every point z € V™.
With that topology and projection, V" is the universal covering manifold of V.
We claim that:

Lemma 5.6. The universal covering manifold © : V" — V of a Lagrangian sub-
manifold V" of (R?", o) is an immersed Lagrangian manifold.

Proof. Since the tangent mapping d;m has maximal rank n at every point, 7 is an
immersion. Set now ¢(Z) = T;V"; we have

dr(¢(2)) = £(z) € Lag(n)
hence V" is a Lagrangian manifold, as claimed. g

Let V™ be an exact Lagrangian submanifold of (R%", 5): it is thus defined by
the equation p = 0, ®(z). Setting ¢(z) = ®(x) we obviously have

dp(z) = d®(z) = (0, P(x),dx) = pdx.
We will call the function ¢ : V" — R a phase of V". More generally:
Definition 5.7. Let ¢ : V* — R2" be an immersed Lagrangian manifold. Let
A =pdx = prdxy + - - - + ppdx,
be the “action form”? in R?". Any smooth function ¢ : V* — R such that
dp = 1"\
is called a “phase” of V™.

The differential form ¢* X on V" is closed: since the manifold V" is Lagrangian,
we have

dv* (pdx) = " (dp ANdz) = "0 = 0.

In view of “Poincaré’s relative lemma” (see Vaisman [168], Weinstein [178]) the
phase is thus always locally defined on V”; if V" is simply connected it is even
globally defined. In the general case one immediately encounters the usual coho-
mological obstructions for the global existence of a phase. Here is a simple but
typical example:

2it is sometimes also called the “Liouville form”.
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Example 5.8. Let S(R) : 22+ p? = R? be a circle in the symplectic plane. Setting
x = Rcosf and p = Rsin@ the condition dy(z) = pdx becomes

dp(0) = —R?sin” 0d6

which, when integrated, yields the following expression for ¢:

2
() = %(COSOSiDQ—G). (5.1)

The rub in this example comes from the fact that ¢ is not defined on the circle
itself, because ¢(0+2m) = p(0) —mR? # p(0). There is, however, a way out: we can
view (6) as defined on the universal covering of S*(R), identified with the real
line Ry, the projection 7 : Ry — S*(R) being given by () = (R cosf, Rsin6).
This trick extends without difficulty to the general case as well:

Theorem 5.9. Let m : V* — V" be the universal covering of the Lagrangian
manifold V™.

Proposition 5.10.
(i) There exists a differentiable function ¢ : V* — R such that
do(2) =pde if (%) =z = (x,p) (5.2)

where we are writing pdx for 1" \;
(ii) That function is given by

p(2) = /( )pdx (5.3)

where y(zo,2) is an arbitrary continuous path in V™ joining zo to z.

Proof. Tt suffices to prove that the right-hand side of (5.3) only depends on the
homotopy class in V" of the path (29, z) and that dp(Z) = pdx. Let v/ (z0, 2)
be another path joining 2y to z in V™ and homotopic to v(Z,2); the loop § =
v(z0,2) —'(20, 2) is thus homotopic to a point in V". Let h = h(s,t), 0 < s,t <1
be such a homotopy: h(0,t) = §(t), h(1,t) = 0. As s varies from 0 to 1 the loop §
will sweep out a two-dimensional surface D with boundary § contained in V". In
view of Stokes’ theorem we have

/pd:z::// dpNdx =0
& D

where the last equality follows from the fact that D is a subset of a Lagrangian

manifold. It follows that
/ pdr = / pdx
v(20,2) 7' (20,2)
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hence the integral of pdx along v(z, z) only depends on the homotopy class in V"
of the path joining zy to z; it is thus a function of Z € V™. There remains to show
that the function

e(%) = /( )pd:r (5.4)

is such that dy(z) = pdz. The property being local, we can assume that V™ is sim-
ply connected, so that V"= V" and write p(z) = ¢(%). Since V" is diffeomorphic
to £(z) = T,V" in a neighborhood of z, we can reduce the proof to the case where
V" is a Lagrangian plane /. Let Az + Bp = 0 (AT B = BAT) be an equation of ¢,
and

v(2) 1t — (=BTu(t), ATu(t)) , 0<t<1

be a differentiable curve starting from 0 and ending at z = (—BTu(1), ATu(1)).
We have

1 1
o(z) = 7/0 (ATu(t), BTu(t)) dt = 7/0 (BATu(t),u(t)) dt

and hence, since BAT is symmetric:
o(z) = —%BATu(l)2

that is
do(z) = —BATu(1)du(1) = pdx

which was to be proven. O

Definition 5.11. A function ¢ : V* — R such that
de(2) = pdx if 7(2)=2z=(z,p)
is called “a phase” of V™.

Notice that we can always fix a phase by imposing a given value at some
point of V"; for instance we can choose ¢(z9) = 0 where zg is identified with the
(homotopy class of) the constant loop (2o, 2).

As already observed above we are slightly abusing language by calling ¢ a
“phase of V"” since ¢ is multi-valued on V™. This multi-valuedness is made explicit
by studying the action of 71[V"] on V™, which is defined as follows: let v be a loop
in V™ with origin the base point zo and 4 € m1[V"] its homotopy class. Then %2 is
the homotopy class of the loop v followed by the path ~(z) representing Z. From
the definition of the phase ¢ follows that

0(72) = o(2) + f pd. (5.5)

The phase is thus defined on V" itself if and only if fv pdx = 0 for all loops in V7*;
this is the case if V" is simply connected.
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Remark 5.12. Gromov has proved in [81] (also see [91]) that if V" is a closed
Lagrangian manifold (i.e., compact and without boundary) then we cannot have
f,y pdx = 0 for all loops v in V"; to construct the phase of such a manifold we thus
have to use the procedure above.

5.1.3 The local expression of a phase

Recall that a Lagrangian manifold which can be represented by an equation p =
0. ®(x) is called an “exact Lagrangian manifold”. It turns out that Lagrangian
manifolds are (locally) exact outside their caustic set, and this is most easily
described in terms of the phase defined above.

Definition 5.13. A point z = (x, p) of a Lagrangian manifold V" is called a “caustic
point” if z has no neighborhood in V" for which the restriction of the projection
(z,p) — x is a diffeomorphism. The set of all caustic points of V" is called the
“caustic” of V™ and is denoted by Xyn.

For instance the caustic of the circle 22 + p2 = R? in the symplectic plane
consists of the points (£1,0).

Of course, caustics have no intrinsic meaning, whatsoever: there are just
artefacts coming from the choice of a privileged n-dimensional plane (e.g., the
position space R?) on which one projects the motion.

Let U be an open subset of V™ which contains no caustic points: U N Xyn =
(). Then the restriction xy to U of the projection x : (z,p) — =z is a local
diffeomorphism of U onto its image xy (U); choosing U sufficiently small we can
thus assume that (U, yy) is a local chart of V" and that the fiber 771 (U) is the
disjoint union of a family of open sets U in the universal covering of V" such that
the restriction 7 to U of the projection 7 : V* — V" is a local diffeomorphism

U — U. Tt follows that we can always assume that (U, xp o m7) is a local chart
of V™.

Proposition 5.14. Let ® be the local expression of the phase ¢ in any of the local
charts (U, xu o my) such that U N By = (:

O(z) = p((xv o my) " (x))- (5.6)
The Lagrangian submanifold U is exact and can be represented by the equation
p = 0:9(z) = duip((xv © 77) " (). (5.7)

Proof. Let us first show that the equation (5.7) remains unchanged if we replace
(U,xv o my) by a chart (U’,xur o m/) such that w(U’) = m(U). There exists
v € m1[V"] such that U’ = yU hence, by (5.5), the restrictions ¢, and ¢ differ

by the constant
c) = § v
¥
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It follows that

o((xvr o myr) () = Batp((xv © m0) " (2))

and hence the right-hand side of the identity (5.7) does not depend on the choice
of local chart (U, xy o 7). Set now (xu o ) t(z) = (p(z),z); we have, for
S XU © ﬂ-U(U)v

d®(z) = dp(p(z), x) = p(x)de
hence (5.7). O

Exercise 5.15. For S € Sp(n) set (xg,ps) = S(z,p).
(i) Show that
psdrs — xgdps = pdx — xdp. (5.8)

(ii) Define the differentiable function ¢g : V" — R by the formula

ps(2) = (%) + 5((ps, xs) — (p. 7). (5.9)

Show that
dps(z) = psdxs if w(2) = (x,p). (5.10)

5.2 Hamiltonian Motions and Phase

In this section we investigate the action of Hamiltonian flows on the phase of
a Lagrangian manifold; it will lead us to the definition of the Heisenberg—Weyl
operators in Section 5.5.

We begin by studying the properties of an important integral invariant, the
Poincaré—Cartan differential form. The study of integral invariants was initiated in
a systematic way by the mathematician E. Cartan in his Lecons sur les invariants
intégraux in 1922. There are many excellent books on the topic; see for instance
Abraham—Marsden [1], Choquet-Bruhat and DeWitt—Morette [23], Libermann and
Marle [110], or Godbillon [50].

5.2.1 The Poincaré—Cartan Invariant

Let H be a Hamiltonian function (possibly time-dependent).

Definition 5.16. The Poincaré—Cartan form associated to H is the differential 1-
form

oy = pdx — Hdt (5.11)
on extended phase space R?" x R; where
pdxr = prdzy + - - - + ppdzy,

is the action form (or “Liouville form”).
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The interest of the Poincaré—Cartan form comes from the fact that it is a
relative integral invariant. This means that the contraction i g dap of the exterior
derivative

dag =dp ANdx —dH N dt
of ay with the suspended Hamilton vector field
Xpy = (Xg,1) = (JO.H,1)
is zero:
) X dayg = 0.

There actually is a whole family of closely related invariants having the same
property. These invariants are defined, for A € R, by

oW = Mpdz + (A — 1)zdp — Hdt; (5.12)

1 .
of course ag{) = ay. Since we have

d(Apdz + (A — 1)adp) = Adp ANdx + (A — 1)dz A dp
= Mdp ANdx — (A —1)dp A dzx
=dp N dx.
it follows that
dag;‘) = day for every A € R.

Example 5.17. The case A = 1/2. The corresponding form can be formally writ-
ten as

1
ag/z) = 50(2, dz) — Hdt;

we will see in Chapter 10 that this form is particularly convenient in the sense
that it leads to a Schrodinger equation in phase space where the variables x and
p are placed on similar footing, very much as in Hamilton’s equations.

Let us prove the main result of this subsection, namely the relative invariance

of the forms ag‘):

Proposition 5.18. The forms ozg‘) defined by (5.12) satisfy, for every A € R,
daW) (X (2,1), Y (2,1)) = 0 (5.13)

for every vector Y (z,t) = (Y (z,t), a(t)) in R2" x R, originating at a point (z,t).

Proof. Since

do)) = o — dH A dt
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we have
do'Y (X i (2,1),Y =
H H\Z, )7 (th))
o(Xea(2,), Y (,8)) — (dH A dt) (Kt (2,), ¥ (2,1)).
Writing, for short,

XH(Z,t) = (XH,l) = (6pH,—8;EH,1),
Y/(th) = (Yv a) = (YI,YP,O[),

we have to show that

o(Xmu,Y)— (dH Ndt)(Xpg,1;Y,a) =0. (5.14)
By definition of o we have

o(Xu,Y) =—(0:H,Ys) — (0pH,Y));
on the other hand

dH A dt = 0, H(dx A dt) + 0pH (dp A dt)

and
(dx ANdt)(Xp,1;Y,a) = adpH — Y,
(dp ANdt)(Xw,1;Y,a) = —ad, H - Y,,
so that
(dH Ndt) (X, 1Y, a) = —(0,H,Yy) — (0,H,Y,) = 0(Xu,Y)
which is the equality (5.14) we set out to prove. |

The relative invariance of the forms ozg‘) has the following important con-

sequence: let 7 : [0,1] — R2" x R; be a smooth curve in extended phase space
on which we let the suspended flow ftH act; as time varies, 4 will sweep out a
two-dimensional surface ¥; whose boundary 0X; consists of 7, ff{ (%), and two
arcs of phase-space trajectory, 49 and 41: Jg is the trajectory of the origin 4(0) of
7, and 47 that of its endpoint 4(1). We have

/ aW =o0. (5.15)
[N

Here is a sketch of the proof (for details, and more on invariant forms in general,
see Libermann and Marle [110]). Using the multi-dimensional Stokes formula we

have
/ a(l?) :/ dag‘) :/ dog.
o) ¢ p
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Since the surface ¥; consists of flow lines of X each pair (X,Y) of tangent vectors
at a point (z,t) can be written as a linear combination of two independent vectors,
and one of these vectors can be chosen as Xg. It follows that dag (X , 17) is a sum
of terms of the type day(Xg,Y), which are equal to zero in view of (5.13). We

thus have
/ dOéH =0
3¢

whence (5.15).

5.2.2 Hamilton—Jacobi theory

Here is one method that can be used (at least theoretically) to integrate Hamilton’s
equations; historically it is one of the first known resolution schemes®. For a very
interesting discussion of diverse related questions such as calculus of variations and
Bohmian mechanics see Butterfield’s paper [20]. a complete rigorous treatment is
to be found in, for instance, Abraham and Marsden [1].

Given an arbitrary Hamiltonian function H € C'*° (Rgf@“,R) the associated
Hamilton—Jacobi equation is the (usually non-linear) partial differential equation
with unknown ®:

0P

5 T H(@.0:2,1) = 0. (5.16)

The interest of this equation comes from the fact that the knowledge of a suffi-
ciently general solution @ yields the solutions of Hamilton’s equations for H. (At
first sight it may seem strange that one replaces a system of ordinary differential
equations by a non-linear partial differential equation, but this procedure is often
the only available method; see the examples in Goldstein [53].)

Proposition 5.19. Let & = ®(x,t, ) be a solution of

0P
— 4+ H(z,0,9,t) =0 (5.17)
ot

depending on n non-additive constants of integration aq, ..., ay, and such that
det D2 ,®(x,t,a) # 0. (5.18)

Let 54,. .., B, be constants; the functions t — x(t) and t — p(t) determined by
the implicit equations

0a®(z,t,0) =0 , p=0,P(z,t, ) (5.19)

are solutions of Hamilton’s equations for H.

3Butterfield [20] tells us that Whittaker reports that what we call Hamilton—Jacobi theory
was actually already developed by Pfaff and Cauchy using earlier results of Lagrange and Monge,
well before Hamilton and Jacobi’s work.
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Proof. We assume n = 1 for notational simplicity; the proof extends to the general
case without difficulty. Condition (5.18) implies, in view of the implicit function
theorem, that the equation 9,®(z,t,a) = 5 has a unique solution z(t) for each ¢;
this defines a function ¢ — x(¢). Inserting z(t) in the formula p = 9, ®(x, t, o) we
also get a function ¢ — p(t) = 9, P(x(t),t, ). Let us show that ¢ — (x(t), p(t))
is a solution of Hamilton’s equations for H. Differentiating the equation (5.17)
with respect to « yields, using the chain rule,

0’  OH 9*®

i 2
900t T Op Dadz (5-20)
differentiating the first equation (5.19) with respect to ¢ yields
0%*® 9P
_— = M 21
drda’ + Otda 0 (5:21)

subtracting (5.21) from (5.20) we get

0*® (O0H
S i) =0,
dxda \ Op

hence we have proven that & = 9, H since ?®/dzd« is assumed to be non-singular.
To show that p = —0, H we differentiate (5.17) with respect to z:

0?® OH OH D

— +—=——— =0 5.22
ozor " or | op 02 (5.22)
and p = 0, P with respect to ¢:
. 0%d 9%,
p= Dtor + WCE (5.23)

Inserting the value of 92® /920t given by (5.23) in (5.22) yields

om o, oo

gr "ot p o TP

hence p = —0, H since & = 0,H. O

When the Hamiltonian is time-independent, the Hamilton—Jacobi equation
is separable: inserting ® = &¢ — Et in (5.17) we get the ‘reduced Hamilton—Jacobi
equation’:

H(z,0,80,t) = E (5.24)

which is often easier to solve in practice; the energy F can be taken as a constant
of integration.
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Exercise 5.20.

(i) Let H = %pz be the Hamiltonian of a particle with mass m moving freely

along the z-axis. Use (5.24) to find a complete family of solutions of the

time-dependent Hamilton—Jacobi equation for H.

(ii) Do the same with the harmonic oscillator Hamiltonian H = 7 (p?+m?w?z?).

It turns out that for a wide class of physically interesting Hamiltonians the
Hamilton—Jacobi equation can be explicitly solved using the notion of free gener-
ating function defined in Chapter 2, Subsection 2.2.3.

Proposition 5.21. Suppose that there exists e such that for 0 < [t| < & the mappings
fH are free symplectomorphisms when defined. The Cauchy problem

O H (2,0:0,1) =0, B(x,0) = o(x) (5.25)

has a solution ®, defined for 0 < |t| < e, and given the formula
D(x,t) = Bo(a') + Wz, 2'5t) (5.26)
where x’ is defined by the condition
(z,p) = (2!, 0, ®o(2")) (5.27)

and W is the generating function
x,t

W(x,2';t) = / pdx — Hdt
z’,0

of the symplectomorphism fH.

Proof. Asin the proof of Proposition 5.19 we assume that n = 1; the generalization
to arbitrary n is straightforward. We first note that formula (5.27) uniquely defines
' for small ¢. In fact, writing = (2, 9, P (2'),t) we have

dv  Ox n ox 32<I>0_
de’ Oz’ Op 0x'?’

since the limit of the Jacobian

ox ox

H ox’  Op’
D, (ZI) = ag;) 81;
oz’ op’

is the identity as t — 0, it follows that dxz/dz’ is different from zero in some interval
[~a,a], a > 0, hence ' — fH(2',0,®0(2")) is a local diffeomorphism for each
t € [~a,a]. Obviously lim;—o ®(z,t) = Po(x) since ' — z as ¢ — 0, so that the
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Cauchy condition is satisfied. To prove that ® is a solution of Hamilton—Jacobi’s
equation one notes that

O(x + Ax,t + At) — O(x,t) :/pdac—Hdt
L

where L is the line segment joining (z,p,t) to (x + Az,p + Ap,t + At); p and
p—+ Ap are determined by the relations p = 9, W (x, 2’;t) and

p+Ap =0, W(x + Az, 2’ + Ax';t + At)
where Az’ = o' (z + Az) — 2/ (x). Thus,

O(x 4+ Ax,t + At) — O(x,t) = pAx + %ApA:z:

1
- At/ H(x + sAx,p+ sAp,t + sAt)ds
0

and hence
O(x,t + At) — D(x, t)
At

from which follows that

1
:7/ H(xz,p+ sAp,t + sAt)ds
0

%—f(x,t) = —H(z,p,t) (5.28)

since Ap — 0 when At — 0. Similarly,
1
O(x + Ax,t) — D(z,t) = pAx + §ApA:E

and Ap — 0 as Az — 0 so that

0P

—(z,t) =p. 5.29

5y (L) =P (5.29)
Combining (5.28) and (5.29) shows that ® satisfies Hamilton—Jacobi’s equation.

O

5.2.3 The Hamiltonian phase

Let V™ be a Lagrangian manifold on which a base point zp is chosen. Let us set
Vi = fHE(V") and 2, = fH(20) where (fH) is the flow determined by some Hamil-
tonian H. Since Hamiltonian flows consist of symplectomorphisms each V; is a
Lagrangian manifold (Proposition 5.3), and the function ¢; : V? — R defined by

pu(3(1)) = / e (5.30)

(2(t) being the homotopy class in V} of a path «(z, 2(t))) obviously is a phase of
V2 when z; = ff(z) is chosen as base point in V?. The following result relates
¢ to the phase g of the initial manifold V" = Vg:
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Lemma 5.22. Let % be a point in V=V, and 3(t) its image in VP by fH (i.e.,
3(t) is the homotopy class in VI of the image by fH of a path representing 2). We
have

2(t) 2t
ouelt) ~ o2 = [ an- [ an (5.31)
z Z0
Proof. Let ¥; be the closed piecewise smooth curve

% = [z0, 2] + (21, 2(1) = [2, 2()] = (20, 2)

where [29, z¢] (resp. [z, 2(t)]) is the Hamiltonian trajectory joining zo to z; (resp.
z to z(t)). In view of the property (5.15) of the Poincaré—Cartan form we have

A;aH::Q (5.32)

Since dt = 0 along both paths (2, z(t)) and v(zo, 2) we have

/ aH:/ pdx / aH:/ pdx
v (2t,2(1)) v (2t,2(t)) 7(20,2) 7(20,2)

and hence (5.32) is equivalent to

z(t) zt
/ pder/ osz/ pdxf/ ag =0
7(20,2) z v (z¢,2(t)) 20

that is to (5.31). O

Lemma 5.22 has the following important consequence:

Proposition 5.23. Let Z € V2 and define ' € V" by the condition 2 = fH(3'). The
function ¢(-,t) : Vi — R defined by

o(z,t) = p(2) +/ ag (5.33)
is a phase of V}': for fixed t we have
dp(z,t) = pde if m(2) =2 = (z,p) (5.34)
where Ty is the projection VI — V1.
Proof. In view of Lemma 5.22 we have
zt,t
wawz/ aH+/ pda (5.35)

20,0 v(2¢,2)

where oy is integrated along the arc of extended phase space trajectory leading
from zp at time t = 0 to z; at time ¢ and 7(z, 2) is the image in V? of a path
joining zo to 2’ in V”* and belonging to the homotopy class . Differentiating (5.35)
for fixed t we get (5.34). O
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Definition 5.24. We will call the function ¢(-,t) : V* — R defined by (5.33),
(5.35) the “Hamiltonian phase” of VI (as opposed to the phase (5.30).

Here is an interesting particular case of the result above:

Exercise 5.25. Let H be a Hamiltonian which is quadratic and homogeneous in the
position and momentum variables; its flow thus consists of symplectic matrices S/*.

(i) Show that the Hamiltonian phase of S (V) is

p(2,1) = p(Z) + 3((pr, 2e) — (p, ) (5.36)
where (x4,p;) = SH (2, p).
(ii) Explicit this condition when V is a graph: p = 9,®(z) and SH (V) is itself a
graph.
An interesting particular case of Proposition 5.23 is when the Lagrangian
manifold V" is invariant under the Hamiltonian flow; this situation typically oc-

curs when one has a completely integrable system and V* = T™ is an associated
Lagrangian torus:

Corollary 5.26. Let H be a time-independent Hamiltonian, (fH) its flow, and
assume that fE (V") = V" for all t. If % is the homotopy class in V" of a path
(20, 2) and y(z, z(t)) is the piece of Hamiltonian trajectory joining z to z(t), then

p(2,1) = p(2(t)) — Bt (5.37)
where E is the (constant) value of H on V™ and Z(t) the homotopy class of the
path (20, 2) + v(2, 2(t)) in V".

Proof. The trajectory s — zs = fH(z) is a path v(z, 2(t)) in V" joining z to

z(t), hence
(t)
/ pd:z:+/ aH:/ pdx — Et
¥(20,2) z 7(20,2(t))

where (29, 2(t)) = ¥(20, 2) + v(2, 2(t)). The result follows since the first integral
in the right-hand side of this equality is by definition @(2(t)). O

Proposition 5.23 links the notion of phase of a Lagrangian manifold to the
standard Hamilton—Jacobi theory:

Proposition 5.27. Let z € V" have a neighborhood U in V" projecting diffeomor-
phically on R7.
(i) There exists € > 0 such that the local expression ® = ®(x,t) of the phase @
is defined for |t| < e;
(ii) @ satisfies the Hamilton—Jacobi equation

o®
< o) =
o+ H(@.0:2) =0

for x in the projection of U and |t| < e.
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Proof. The first part (i) is an immediate consequence of Proposition 5.14 (the
existence of ¢ follows from the fact that the caustic is a closed subset of V™). To
prove (ii) we observe that

z,t
O(x,t) = ®(2',0) + / pdx — Hdt

2,0

in view of formula (5.33) in Proposition 5.23; now we can parametrize the arc
joining z’,0 to z,t by x and t hence

x,t
O(z,t) sz(x’,O)Jr/ pdx — Hdt

z’,0

which is precisely the solution of Hamilton—Jacobi’s equation with initial datum
® at time t = 0. g

5.3 Integrable Systems and Lagrangian Tori

Completely integrable systems (sometimes also called Liouville integrable systems)
are exceptions rather than the rule. They play however a privileged role in Hamilto-
nian mechanics, because the associated Hamilton equations are explicitly solvable
by passing to the so-called “angle-action variables”; they are also historically the
first to have been rigorously semiclassically quantized (the Keller—Maslov theory
[102, 119, 120, 124, 128] which we will discuss in the last section of this chapter).
The reason for which we introduce them in this chapter is that the phase-space
curves corresponding to the solutions of Hamilton’s equations lie on Lagrangian
manifolds of a particular type.

5.3.1 DPoisson brackets

Let F and G be two continuously differentiable functions on R2". By definition,
the Poisson bracket of F' and G is

" 9F 0G  OF 0G
F.G} = — 5.38
{ } ]:Zl 8:1:j 3pj 8pj 8Ij ( )
(in some texts the opposite sign convention is chosen), that is
{F,G} = (0, F,0,G) — (0, F, 0,G) . (5.39)

The Poisson bracket is related in an obvious way to the symplectic structure
on R?": defining the Hamiltonian vector fields

XszazF 5 XG:J82G
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we have 0(Xp,X¢g) = 0(0,F,0,G) hence formula (5.39) can be rewritten for
short as

{F,G} = —0(XFp, X¢). (5.40)
Exercise 5.28. Show that X(p g} = [Xr, X¢] where [Xp, Xg| = XpXe — XeXF
is the commutator of the vector fields Xr and Xg.

Exercise 5.29. Hamilton’s equations can be rewritten in terms of the Poisson
bracket as

&y =A{x;, H} , pj={p;,H}.
Indeed, {z;, H} = 0H/0p; and {p;, H} = —0H/0z,.
When {F,G} = 0 we will say that the functions F' and G are in involution

(one also says that they are Poisson commuting).
The Poisson bracket has the following obvious properties:

{A\F,G} = \{F,G} for A€R,
{F,G+H}={F,G} +{F, H},
{F.G} = —{G, F},

{F G} Hy +{({G H} FY+ {{H, F},G} = 0;

the last formula is called “Jacobi’s identity”. All these relations are of course
immediate consequences of the definition of the Poisson bracket.

Definition 5.30. Let H and F be smooth functions on R?". Viewing H as a Hamil-
tonian defining a “motion” we will say that F' is a “constant of the motion” if its
Poisson commutes with H, that is if

{F,H} =0. (5.41)

The terminology comes from the following remark: let t — z(t) = (z(t), p(t))
be a solution of Hamilton’s equations z = J9,H(z). Then

%F(z(t)) = (0. F,x) + (0, F,p)
(8,F,0,H) — (8,F, 0, H)

=0

hence the function ¢t — F(z(t)) is constant “along the motion”. In particular

{H,H} = 0 hence the Hamiltonian itself is a constant of the motion: this is the

theorem of conservation of energy for time-independent Hamiltonian systems.
The notion of constant of the motion makes sense for time-dependent Hamil-

tonians as well: a constant of the motion for a time-dependent Hamiltonian H is

a function F : R?"*! — R which is constant along the curves t —— (z(t),t) in
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extended phase space. Notice that if F' is defined along t — (z(t), ) then, by the

chain rule
dFF OF
—_— = F H). 5.42
= S () (5.42)

Thus F : R?"*! — R is a constant of the motion if and only if it satisfies
Liouwville’s equation

OF
— +{F,H} =0. (5.43)
ot

Since {H, H} = 0 we see that in particular the energy is a constant of the motion

if and only if 0H /0t = 0 that is if and ounly if H is time-independent.

Exercise 5.31. Let H be the one-dimensional harmonic oscillator Hamiltonian

t
H= —w;)(p2 +a?)
and E(t) = H(z(t),t) the energy along a solution t —— z(t). In view of (5.42) we
have E(t) = (w(t)/w(t))E(t), hence the energy and the frequency are proportional:
E(t) = kw(t) with k = E(0)/w(0).

For a harmonic oscillator with n degrees of freedom it is not true in general
that energy is proportional to the frequencies. Suppose however H is a Hamiltonian
of the type
Wy (t

2

H= )(p?—i-x?)

n
Jj=

1

and t — z(¢) is a solution of Hamilton’s equations for H. If there exists a real
number k such that w(t) = kw(t') (w = (w1,...,wy)) for some instants ¢ and t',
then E(t)/w;(t) = E(t')/w;(t).

5.3.2 Angle-action variables

From now on, and until the end of this section, we will assume that all Hamilto-
nians are time-independent.

Let us begin by discussing a simple example. Consider the n-dimensional
harmonic oscillator Hamiltonian in normal form

H=) 5@ +a)
j=1

and define new variables (¢, 1) by

x5 = \/2Ij COS ¢j , Pj = \/2Ij sin ¢j (544)
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for 1 < j < n; we assume I; > 0 and the angles ¢; are chosen such that 0 < ¢; <
27. In these new variables the Hamiltonian H takes the simple form

(observe that K does not contain ¢). The transformation f : (z,p) — (¢,1) is a
symplectomorphism outside the origin of R2"; it suffices to verlfy this in the case
n = 1. We have

T 1
—tan— [ Z I= 2 (g2 4 p2
ot (2) 1 b
hence the Jacobian matrix of the mapping f : z = (z,p) — (¢,1) is
-  _—P_
Df(z) = [w2+p2 w2+p2]
P x

which obviously is a symplectic matrix (it has determinant equal to 1). It suffices
now to solve Hamilton’s equations

;= o, K1) =w; I; = —04, K(I) = 0 (5.46)

for K and then to return to the original variables (z,p) using the inverse change
of variables. The equations (5.46) have the obvious solutions

¢ (t) = wit +¢;(0) , T;(t) =1;(0).

Inserting these values in (5.44) we get

21,(0) cos(w;t + ¢;(0)),
21,(0) sin(w,t + ¢;(0))
for1 <j<n.

This example leads us quite naturally to the following general definition:

Definition 5.32. A time-independent Hamiltonian H on R2" is “completely inte-
grable” (for short: “integrable”) if there exists a symplectomorphism f : (z,p) —
(¢,1) (in general not globally defined) such that the composed function K = Ho f

only depends explicitly on the action variables I = (Iy,...,1,):
H(z) = H(f(,1)) = K(I). (5.47)
The numbers w;(I) = w;(Iy,...,1,) defined by
0K
() = —(1 5.48
(0 = 520 (5.48)

are called the “frequencies of the motion”.
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The Hamilton equations for K are
d=0K() , I =-0,K(); (5.49)

since 04K = 0, these can be explicitly solved “by quadratures”, yielding the
solutions

¢;(t) = w;(1(0))t + ¢(0) , L;(t) = L;(0). (5.50)
The flow (f) determined by K is thus given by
6,1 = (wDt+6,1) , w=(wi,...,wn); (5.51)

it is called a “Kronecker flow’; w is the “frequency vector”.

We have already seen one example of a completely integrable Hamiltonian
system, namely the n-dimensional harmonic oscillator discussed in the beginning
of this subsection. More generally every Hamiltonian function which is a positive
definite quadratic form in the position and momentum coordinates is integrable,
and even admits global angle-action variables. Namely choose a symplectic matrix
S such that H o S has the normal form

=y - (0} + 2] (5.52)

j=1

(that this is possible is a consequence of Williamson’s theorem, which we will
discuss in Chapter 8). Setting (X,P) = S(z,p) and X; = /2I;cos¢;, P; =
v/2I; sin ¢;, the symplectomorphism (z,p) — (¢;,1;) again brings H into the
form

K=> wl; (5.53)
j=1

5.3.3 Lagrangian tori

Let us now study the notion of Lagrangian torus attached to a completely inte-
grable Hamiltonian system.

Consider again the Hamiltonian (5.53); the solutions of the associated Hamil-
ton equations are

9;(t) = wit +¢;(0) , Li(t) =L;(0) (1<j<mn).
Let us now state a condition ensuring us the existence of angle-action vari-
ables and invariant tori. Here is an important classical result:

Theorem 5.33. Assume that F\ = H, Fy, ..., F, are n constants of the motion in
involution on an open dense subset of R2". Set F = (Fy, Fy, ..., F,) and assume
that F~*(zo) is a compact and connected n-dimensional manifold. Then:
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(i) there exists a neighborhood V of F~1(0) in R™, an open subset U of R™ and
a diffeomorphism
f:R27Z)" xV — U

such that if (x,p) = f(¢,1), then
dp Ndx = dL A de;

The diffeomorphism f is thus canonical.
(ii) In the (¢,1) variables the Hamiltonian becomes K(I) = H(x,p) and the mo-
tion thus takes place on an n-dimensional submanifold V" of R?" such that

V") = {lo} x (R/27Z)".
(The motion thus takes place on a torus in (¢,1) phase space.)

The manifold F'~1(2q) described in this theorem is topologically an n-dimen-
sional torus T" = (R/27Z)" invariant under the flow determined by the Hamilto-
nian, and hence compact. It is a Lagrangian manifold. This can be seen directly,
without reference to the angle-action variables as follows. Viewing each of the
constants of the motion F}; as a Hamiltonian function in its own right, we denote
by X; the associated Hamiltonian vector field JO,F}, and note that we obviously
have, since o(z, z") = (Jz, 2'):

{Fj(2), Fi(2)} = 0(X;(2), X, (2))

at every z € V. It follows that the involution conditions {F}, Fi} = 0 are equiv-
alent to
o(X;(2), X,(2)) =0

for every z € V. Since the functions F}; are independent, the vector fields X
span V™. Tt follows that for all pairs Y (z), Y'(z) of tangent vectors at z € V", the
skew-product o (Y (z),Y’(z)) can be expressed as a linear combination of the terms
0(X;(2), X, (%)) and hence (Y (2),Y’(2)) = 0, so that V" is indeed a Lagrangian
manifold.

The proof of Theorem 5.33 is long and technical; it can be found for instance
in the references [1, 3, 27, 91]. The last statement in (ii) follows from formula
(5.51) due to the identification of I-coordinates modulo 2. The action variables I
are constructed as follows: let ; form a basis for the 1-cycles on T™ and set

1
I = —]{ pjdz;
2 )5,
for1 <j<n.

Note that Theorem 5.33 is in a sense a local statement, because it only
guarantees the existence of angle-action angles in a neighborhood of F~1(2):
the underlying phase space in the (¢,I) variables is (R/27Z)" x U where the
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neighborhood U is determined by the neighborhood U of F~1(2). It turns out that
there are major obstructions for the construction of global angle-action variables
(see the discussion in [27], Appendix D.2, and the references therein).

Remark 5.34. The energy being a constant of the motion, it follows that all systems
with one degree of freedom are completely integrable.

5.4 Quantization of Lagrangian Manifolds

Physics describes the real world, and its domain of competence does this in two
modes: classical (including Hamiltonian mechanics and relativity theory), and
quantum. A classical problem (which might not be so well posed) is that of “quanti-
zation”. Quantization refers to a variety of procedures of which two of the most im-
portant are operator quantization, and semi-classical quantization. While we will
study in detail operator quantization in the forthcoming chapters, semi-classical
quantization is more than just an approximate “poor man’s quantum mechan-
ics”; it is in fact a mathematical theory, or rather a collection of mathematical
theories interesting in their own right. The number of books devoted to quantum
mechanics defies the imagination; here are a few basic sources (in alphabetical
order): Bohm [12] (from the point of view of one the great physicists of last cen-
tury), Isham [96], Merzbacher [122], Messiah [123] (a classic, very readable by
mathematicians), Park [129]. The rigorous mathematical foundations of quantum
mechanics were pioneered by von Neumann [171] and Weyl [179]; see in this con-
text the book [18] on the Schrodinger equation by Berezin and Shubin; another
valuable book is Schechter [139]. A classical historical review is Jammer’s book
[97] (very complete). I also recommend the book [48] by Giacchetta et al. which
contains an advanced treatment of up-to-date mathematical tools to be used in
studying quantum problems.

We begin by discussing the Maslov quantization rules (Arnol’d [3], Leray
[107], Maslov [119], Maslov—Fedoriuk [120]) for completely integrable Hamiltonian
systems. The idea of these rules goes back to the pioneering work of Keller [102],
elaborating on an idea of Einstein [37] (see Bergia and Navarro [8] and Gutzwiller
[86] for a historical discussion of Einstein’s idea which goes back to... 1917!).

5.4.1 The Keller-Maslov quantization conditions

The passage from classical to semiclassical mechanics consists in imposing se-
lection rules on the Lagrangian manifolds V™; these rules are the Keller—-Maslov
quantization conditions:

1 1
—— ¢ pdx — —m(y) € Z for all one-cycles v on V" (5.54)
2rh [, 4
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where m(v) is the Maslov index. In the physical literature these conditions are of-
ten called the EBK (Einstein—Brillouin—Keller) quantum conditions, or the Bohr—
Sommerfeld-Maslov conditions. Since the integral of the action form pdx only
depends on the homotopy class of « in V" and the Maslov index is a homotopy
invariant, the same is true of conditions (5.54).

Definition 5.35. When the conditions (5.54) hold, the Lagrangian manifold V™ is
said to be “quantized” (in the sense of Keller and Maslov)

We will not justify the conditions (5.54) here; we will in fact see in Subsection
5.4.3 that they are equivalent to the existence of “waveforms” on the Lagrangian
manifold V. In Chapter 8 we will derive (5.54) using a topological argument
involving the notion of symplectic capacity.

Remark 5.36. Souriau [156] has proven that if the Lagrangian manifold V" is
oriented then m(y) is even. We will re-derive this result in the more general context
of g-oriented Lagrangian manifold in Subsection 5.4.2.

The semiclassical values of the energy corresponding to the Keller-Maslov
conditions are obtained as follows: let I = (I,...,L,) be the action variables cor-
responding to the basic one-cycles 4!, ...,7™ on V". These are defined as follows:
let 4%,...,5™ be the loops in T"(R1,..., R,) defined, for 0 <t < 27, by

7' (t) = Ry(cost,0,...,0;sint,0,...,0),
72(t) = Ry(0,cost,...,0;0,sint,...,0),

The basic one-cycles v',...,y! of V™ are then just
YV =AY = A

The action variables being given by

1
L= — d 1<4<
j 2Wﬁjpx, <j<n,

the quantization conditions (5.54) imply that we must have
I = (Nj+im(y/)h for 1<j<n, (5.55)

each N; being an integer > 0. Writing H(z,p) = K(I) the semiclassical energy
levels are then given by the formula

En,..N, = K((N1+ tm(y")h, ..., (N, + tm(y")h) (5.56)

where Ni,..., N, range over all non-negative integers; they correspond to the
physical “quantum states” labeled by the sequence of integers (Ny, ..., Ny).
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Remark 5.37. We do not discuss here the ambiguity that might arise in calculation
of the energy because of the non-uniqueness of the angle action coordinates; that
ambiguity actually disappears if one requires that the system under consideration
is non-degenerate, that is 9> K (I) # 0. (See Arnol’d [3]), Ch. 10, §52.)

Applying the Keller—Maslov quantization conditions (5.54) to a system with
quadratic Hamiltonian, or even an atom placed in a constant magnetic field, gives
the same energy levels as those predicted by quantum mechanics. However in
general these conditions only lead to approximate values of observable quantities.
This reflects the fact that they are semi-classical quantization conditions, obtained
by imposing the quantum selection rule on a Lagrangian torus, which is an object
associated to a classical system. We notice that Giacchetta et al. give in [47] a
geometric quantization scheme for completely integrable Hamiltonian systems in
the action-angle variables around an invariant torus with respect to polarizations
spanned by almost-Hamiltonian vector fields of angle variables; also see these
authors’ recent book [48].

5.4.2 The case of g-oriented Lagrangian manifolds

Recall that we defined in Chapter 3, at the end of Section 3.3 devoted to g¢-
symplectic geometry, the notion of a g-oriented Lagrangian plane: it is the datum
of a pair (¢,[\|24) where ¢ € Lag(n) and [A2q € Zg,. For instance, if ¢ = 1, to
every ¢ € Lag(n) we can associate two pairs (¢,+), (¢{,—) corresponding to the
choices of a “positive” and of a “negative” orientation.

Let V™ be a (connected) Lagrangian manifold; we denote by z —— £(z) the
continuous mapping V" — Lag(n) which to every z € V" associates the tangent
plane £(z) € Lag(n) to V" at z:

Lz)=T., V" |, z€V".
The notion of g-orientation makes sense for V". Let
mla82q Lagy,(n) — Lag(n)

be the covering of order 2¢q of Lag(n).

Definition 5.38. We say that the connected Lagrangian manifold V" is “g-oriented”
(1 < ¢ < ) if the mapping

0(-): V" — Lag(n) , z+— £(z)
has a continuous lift
log(1) : V" — Lag2q(n) , 2 Lag(2)

(i.e., T820(fa4(2)) = £(z) for every z € V™). The datum of such a lift fo,(-) is
called a “g-orientation” of V".
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For instance every oriented Lagrangian manifold has exactly two 1-orienta-
tions, namely z — (¢(z),4) and z — (¢(z), —) where “+” and “—” correspond
to the positive or negative orientation of all the tangent planes.

Example 5.39. The circle S! is oriented and hence 1-oriented. The same is true of
the n-torus T™ = (S1)". T" is not g-oriented if ¢ > 1.

If the Lagrangian manifold V™ is simply connected, then it is oco-orientable
(and hence orientable). The converse is not true: in [64], p. 175-177 we have con-
structed, in relation with the quantization of the “plane rotator”, an oc-orientable
Lagrangian manifold which is not simply connected; that manifold is the subman-

ifold of Ri,y,pmpy defined by the equations

?+y* =1, apy —yp. = Lo.

The following result provides us with a very useful test for deciding whether
a given Lagrangian manifold is g-oriented for some integer g (or +00). It is also the
key to the understanding of Maslov quantization for other Lagrangian manifolds
than tori.

Theorem 5.40. A connected Lagrangian manifold V™ is g-oriented” (1 < ¢ < 00)
if and only if the Maslov index myn is such that

m(y) =0 mod 2q (5.57)
for every loop v in V™. It is co-oriented if and only if m(y) =0 for every ~.
Proof. Choose a base point zy in V™ and set £y = £(2p). Let

Ly m[V?) z0] — m[Lag(n), {o]

n

be the group homomorphism induced by the continuous £(-) : V
lo,24 € Lagy, (n) be such that w24 (£ 5,) = £ and

— Lag(n). Let

Lag
Ty 20

» 1 [Lagyg (n), £o,2¢] — mi[Lag(n), £o]

is the homomorphism induced by 7“#2s. The mapping ¢(-) : V* — Lag(n) can
be lifted to a mapping f2,4(-) : V" — Lag,,(n) if and only we have the inclusion

L
Cu(mi[V7, 20]) C w52 (1 [Lagsg (), £o,24))-
Let By be the generator of m[Lag(n), £p] whose image in Z is +1; we have

™ [Lang(n),Eo,zq] = {ﬁgkq ik e},

hence the inclusion above is equivalent to saying that for every v € m1[V", 2]
there exists k € Z such that m(y) = 2kq, that is (5.57). O
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Specializing to the case ¢ = 1 we immediately recover Souriau’s result (Re-
mark 5.36):

Corollary 5.41. Assume that V" is an orientable Lagrangian manifold; then m(v)
15 even.

Proof. Immediate since orientability is equivalent to 1-orientability. O

5.4.3 Waveforms on a Lagrangian Manifold

The machinery developed above can be used to define a notion of phase space
wavefunction for quantum systems associated to general Lagrangian manifolds,
and generalizing Leray’s [107] “Lagrangian functions”. We will only sketch the
approach here and refer to de Gosson [60, 62, 66, 64] for details.

We begin by reviewing the notion of de Rham forms and their square roots.

Let V™ be a connected manifold; we do not assume for the moment that it
is Lagrangian. In a neighborhood U C V™ of every point z of V" there are two
orientations; using them we construct the two-sheeted oriented double covering of
V™. Let (Uy, fa)o be a maximal atlas of V; for o and 8 such that U, N Ug # )
we define a locally constant mapping

gap : UaNUg — {-1,+1}

by the formula
Jap(2) = sign(det D(faf5"))(f5(2))

where signu = u/|u| if u € R, u # 0. The mappings gog obviously satisfy the
cocycle relation

9a3(2)98+(2) = gary(2) for z€ U, NUgNU,
and therefore define a two-sheeted covering 7° : (V™)° — V™ with trivializations
Bt (1°) 7 (Ua) — Ua x {~1,+1}

such that
QQQEI(Z, +1) = (2, £gq8(2)) for ze€Uy,NUsg.

One proves (see for instance Godbillon [51], Ch. X, §5, or Abraham et al. [2], Ch.
7) that (V™) is an orientable manifold and that:

e V™ is oriented if and only if (V™) is trivial, that is (V*)° = V" x {-1,+1};

e (V™)° is connected if and only if V™ is non-orientable.

These properties motivate the following definition:
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Definition 5.42.
(i) The manifold (V™) is called the “two-sheeted orientable covering” of V™.
(ii) A “de Rham form” (or: “twisted form”) on V" is a differential form on (V")°.

(iii) A “de Rham (or: twisted) volume form” is a volume form on (V™)°.

Locally, in a neighborhood U C V™ of z € V", a de Rham form p on V" can
be written Orient(U )y where Orient(U) = £1 is an orientation of the set U and
w1 a differential form on U.

From now on we again assume that V™ is a Lagrangian manifold coming

equipped with a Rham form p. In [64], Ch. 5, §5.3, we showed that the pull-back
of p to the universal covering 7w : V"— V™ can be written outside the caustic
Yyn as

T u(z) = (=)™ p(2) = (=1)™p(2) (5.58)
where p is a density on V" and

m(2) = m(lpco, loo())

corresponds to a choice of £p , such that 728 (¢p o) = €p (m being the reduced
ALM index: Definition 3.23, Chapter 3.2, Section 3.3). The mapping

loo(?) : V" — Lag__(n) , 2 — loo(2)
is a lift of the tangent mapping

£(-) : V" — Lag(n) , z+—£4(z) =T, V".

Formula (5.58) allows us to define the square root of the pulled-back de Rham
form outside the caustic by

VE(Z) = ) /p(2)

where ,/p is a choice of half-density corresponding to the density p. This motivates
the following definition:

Definition 5.43. A “waveform” on V" is the family (¥, .,) where

Uy, (5) = eF?Eima®) /()

with £y 00 € Lag.(n) and mqa(2) = m(€a 00, loo(2)), m being the reduced ALM
index.

Exercise 5.44. Show that the expressions W, and Wy, corresponding to choices
Lo, s € Lag(n) are related by the formula ¥, = imaﬁ(')\I/gﬁ where

Map(2) = M(ly,00,€8,00) — Inert(€y, €g, £(2)).
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Waveforms are defined on the universal covering V* of V”; to use an older
terminology they are “multi-valued” on V™. They are single-valued if and only if
V™ is a quantized Lagrangian manifold in the sense of Definition 5.35.

Proposition 5.45. The Lagrangian manifold V™ satisfies the Keller—-Maslov quan-
tization conditions

% ’Ypd:v - im('y) €z (5.59)
for every v € w1 [V", 2] (20 an arbitrary point of V") if and only if
Wy, (72) = Yy, (2)
for every v, that is, if and only if Wy, is defined on V™.
Proof. By definition of ¥, we have
Wy (v2) = e%@(vé)ima(vé)\/ﬁ(z).

In view of formula (5.5) in Subsection 5.1.2 we have

o(v2) = p(2) + f pd.

On the other hand, using property (3.36) of the reduced ALM index (Proposition
3.24, Subsection 3.3.1) and the fact that £ (vZ) = 8™l (%), we have

m(éa,om loo (72))
(Lao0, 8™ 1oo (2))
(lar,00, boo(2)) — m(),

hence U,_(vZ) = Wy (2) is equivalent to the quantization condition (5.59). O

ma(vZ)

m
m

The time-evolution of a waveform under the action of Hamiltonian flows is
defined as follows: let H be a Hamiltonian function (possibly time-dependent),
and (ff) the flow determined by the associated Hamiltonian equations. Then

FHW, (2) = Wy, (2,1) (5.60)
where ‘
Uy, (2,t) = en?EDimeGh, (1) p(z)
and:

e (%,t) is the phase of the Lagrangian manifold fH(V"):

z,t
o(2,t) = o(2) + / pdx — Hdt (5.61)
2,0

with z = fH(2') (formula (5.33));
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e my(2,t) is the integer
Mma(Z,t) = Mm(ly,00, St(2)ocloo(Z)) (5.62)
where S¢(2)s is the homotopy class in Sp(n) of the symplectic path
t'+— Sp(2) = D(fi)(2),

0<t <t

— —_ )

o (fH).p is the push-forward of the density p by the diffeomorphism f/:

(D) (21, Zn) = p((F7) T 2)(Se(2) 7 21, -, Sel2) ' Z)
for tangent vectors (Z1,...,Z,) to V" at z.

The motion of waveforms defined above is semi-classical; see de Gosson [60, 62]
for a discussion of the relation between waveforms with approximate solutions of
Schrodinger’s equation.

5.5 Heisenberg—Weyl and Grossmann—Royer Operators

The Weyl-Heisenberg operators are the quantum-mechanical analogues of the
phase space translation operators T(zg9) : z — z + zo. As such, they trans-
late functions (in fact waveforms), but at the same time they change their phase.
Even though their use is quantum-mechanical, their definition only makes use of
the notion of phase of a Lagrangian manifold. In the two following subsections
we study the most elementary properties of the Heisenberg—Weyl operators; in
Subsection 5.5.3 we describe a class of related operators, whose definition appar-
ently goes back to Grossmann [82] and Royer [137] and which were exploited by
Gracia-Bondia [77]. Besides the fact that the Grossmann—Royer operators some-
times considerably simplify calculations in Weyl calculus, they have an intrinsic
interest in quantization (and dequantization) problems.

5.5.1 Definition of the Heisenberg—Weyl operators

Let 2z, = (%4,pa) be an arbitrary point? of the standard symplectic phase space
(R?", ). The translation operator

T(zq) : 2+ 2+ 24

can be viewed as the time-one map of a Hamiltonian flow. Consider the Hamilto-
nian function
H(z) =0(z,2,); (5.63)

4We will use for a while the subscript a in place of 0 to avoid confusion with the basepoint of
the Lagrangian manifold.
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the associated Hamilton equations

&= 0p0(x,p;TasPa) 5, P=—0.0(2,P;%a,Pa)

reduce to the simple form @ = z,, p = p, and the solution ¢ — z(t) passing
through a point z at time ¢t = 0 is thus given by

2(t) = fH(2) = 2 + tza.

The translation T'(z,) is thus the affine symplectic mapping associating to each z
the point z(1) = f{*(z) where (f{) denotes the flow determined by the Hamiltonian
(5.63).

The following result describes the phase of the Langrangian manifold
T(zq)(V™) = f#(V™). To simplify notation we assume that V” is simply connected
so that it coincides with its universal covering V.

Proposition 5.46. Let (f{) be the flow determined by the Hamiltonian H®(z) =
o(z,2a4)-

(i) The Hamiltonian phase of fF(V") is

Pa,t(2) = (2 — t2a) + t (pa,T) — %t2 (Pa>Ta) (5.64)

where z = (x,p), hence
(ii) The phase @4 of f(V"™) = T(2,)V" is

@a(é) = 50(2 - tza) + <pa,:E> - % <pa7xa> . (565)

Proof. We have, since the energy has constant value o(z, z,) along the trajectory,

va(z) = p(z — tzq) + /0 (p+ (s —t)pa,xa) ds — /0 o(z,24)ds
= QO(Z - tza) +1 <p7$a> - %t2 <pa7xa> - t(<p717a> - <pa,I>)
= p(z —tzq) + t (Pa, ) + %t2 (Pa,Ta) ,
whence (5.65). O

Exercise 5.47. Let z, = (24, pa) and 2, = (2, pp) be in R2". Let ¢, 5, be the phase
of T'(24) (T (2p) V™) and @q4p that of T'(z,+ 2,) V™. Calculate ¢4 5(2) — pa+b(2) and
Qpa,b(z) - (pb,a(z)'

Exercise 5.48. Compare the Hamiltonian phases of the identical Lagrangian man-
ifolds SH (T (24)V™) and T(SH (z4))V™.

Let now 1)y, .. be the expression of a waveform on a Lagrangian manifold
V7 for simplicity we assume again that V" is simply connected, so that 1y,  is
defined on V" itself: _
Uy, (2) = en?@imal2) /5(2).
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In view of formulae (5.60), (5.61), (5.62) the action of the flow (ff) determined
by the translation Hamiltonian (5.63) is given by

FHW,, (2) = eF?EDmaG 50— t2,)

where my(z,t) = mq(z) (because the Jacobian matrix of a translation is the
identity) and the Hamiltonian phase ¢(Z,t) is given by

(p(z,t) = (P(Z - tza) +1 <paax> - %t2 <pa»$a>

in view of formula (5.64) in Proposition 5.46. We thus have the simple formula

i 1
FEW,, (2) = et (P} =3 paa (2 )0, (2)

which yields, for t =1,

i 1
1w, (2) = erPem=3Patap; )0, (2) (5.66)

and motivates the following definition:

Definition 5.49. Let ¥ be an arbitrary function defined on R?"; the operator f(za)
defined by

~ i 1
T(aa) () = h 0o 30 () w) 2)
is called the Weyl-Heisenberg operator associated to z, = (€4, Pa)-

Since we obviously have
T (2a)¥(2)] = [¥(z — 2a)],
the Heisenberg—Weyl operators are unitary in L?(R?):
1T(2a) | 2(g2n) = || W] p2ran) for v € L2(R2Z").

We will come back to this phase-space picture of the Heisenberg—Weyl oper-
ators when we study the Schrédinger equation in phase space in Chapter 10.
5.5.2 First properties of the operators 7'(z)

While ordinary translation operators obviously form an abelian group,
T(za)T(20) = T(26)T(20) = T(2a + 2b),

this is not true of the Weyl-Heisenberg operators, because they do not commute.
The following important result actually only reflects the properties of the Hamil-
tonian phase (c¢f. Exercise 5.47):
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Proposition 5.50. The Heisenberg—Weyl operators satisfy the relations

~ ~

T2a)T () = 7o) T(2)T(z0), (5.67)

~ ~

T(za + 2) = e~ T 2T ()T (), (5.68)
for all zq, zp € R?™.

Proof. Let us prove (5.67). We have

~ o~ ~ ; 1
T(2)T(2) = T(Za)(eﬁupb@)* 3 (pb,xb))T(zb))

e (pat) =5 (pasza)) ok (Pr2—2a) =3 Pr2) (5 4 2)

and, similarly

~

T2)T(2) = e P08 =5 020)) ok (Par2—20) =3 Pasza ) (5 1 7).
Defining the quantities

¢ = <pa7517> - % <pa7xa> =+ <pb»$ - xa> - % <pb,$b> )

' = (py, x) — & (Db, Tv) + (Par & — b)) — 5 (Pas Ta)

we have

f(za)f(zb) = e%(‘b—‘b/)f(zb)f(za)

and an immediate calculation yields
(b - q)/ = <pa,I'b> - <pb7xa> = U(Zm Zb)

which proves (5.67). Let us next prove formula (5.68). We have

"

f(za +2) = er® T(zq + 2b)
with
" = (pa + v, &) = & (Pa + Db, Ta + ) -

On the other hand we have seen above that

~

T(2a)T(2) = e%ch(za + z)

so that

~

T(za +2) = 5 =T (2,)T(z).
A straightforward calculation shows that
(I)H - (I) = % <pbaxa> - % <pa7$b> = _%0-<Zavzb)’

hence formula (5.68). O
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The Heisenberg-Weyl operators are an easy bridge to quantum mechanics®

— or, at least, to Schrédinger’s equation. Consider the equation

m%—f = 5(2, 20)0 (5.69)

where the operator (2, z,) is obtained by replacing formally z = (z,p) by 2 =
(x,—ihdy) in 0(z, z4):

0(2,24) = (—ih0z, xa) — (Pa, ) . (5.70)

This is the “Schrodinger equation associated via the Weyl correspondence to the
Hamiltonian function o(z, z,)” (the Weyl correspondence will be studied in detail
in Chapter 6). Formally, the solution of (5.69) is given by

P, 1) = R Dyo(x) | p(x,0) = Yo(a); (5.71)

one easily checks by a direct calculation that this solution is explicitly given by
the formula

P(x,t) = exp [ (Hpa, ) — 5*(Pa, )] to(x — taa) (5.72)
which we can as well rewrite as
Wz, t) = T(tze)(2). (5.73)

We will come back to this relationship between the Heisenberg—Weyl opera-
tors in the next chapter, where we will begin to let them act — in conformity with
tradition! — on functions defined on position space R, even though the definition
we have given (and which is not standard) shows that their true vocation is to act
on phase space objects (functions, or waveforms, for instance). This fact will be
exploited later in this book to construct a quantum mechanics in phase space.

5.5.3 The Grossmann—Royer operators
For zg = (20, po) € R?" and a function ¢ on R? we define
T(z0)0(x) = e Por=20) (20 — ). (5.74)
The operator T(z) is clearly linear and unitary: if ) € L2(R™) then
||T<ZO)"/’||L2(RQ) = |[¢l|L2(&er)-

Definition 5.51. The unitary operators T'(zo) on L2(R™) are called the Grossmann—
Royer operators; note that 7'(0) is just the reflection operator 1) —— v where

Y (z) = P(=x).

5 Another such bridge is provided by the (related) metaplectic representation of the symplectic
group we will study in Chapter 7.
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Each of the operators T(z9) can be obtained from the reflection operator
T(0) using conjugation by Heisenberg—Weyl operators:

Proposition 5.52. The intertwining relation
T(z0) = T(20)T(0)T (0) " (5.75)
holds for every zy € R2".

Proof. Let us establish the equivalent relation T'(z0)T(z0) = T(20)T(0). We have

- - ; 1
T(20)T (20)8(x) = T(z0) |eF (Pt =2 Po 20l (g — )
— o (poa—w0) o (o, 200—2) =3 (P0.20)) (7 — 1)

— F P03 Po.0)) g — )
= T(z0)T(0)¥(x). =
The fact that the product of two reflections is a translation has its counterpart

in terms of the Grossmann—Royer operators:

Proposition 5.53. The Grossmann—Royer operators satisfy the product formula
T(2a)T(2) = €~ #0C02)T(2(24 — 2)) (5.76)
for all zq, 2z, € R?"; in particular T(z) s an involution.

Proof. We have

z 7

T(20)T(20)00(x) = T(zu [e%<p”’2””“””*””b>w<2xb )

" Pee=en)y (93, — (24 — @)

I
('b
/\
8
|
[\
—~ o

Taq — Tp))
with

® = 2((pa - pb)fE — PaTa — PbTp + 2pbza)~
On the other hand

T(2(2a — 2))(x) = €7 (x — 2(z0 — 1))

with

@' =2((pa — po)x — (Pa — Pb)(Ta — T1)).
We have ® — &' = —20(z,, ), hence the result. O
Exercise 5.54. Express the product T(z,)T(2,)T(2.) in terms of the Heisenberg—
Weyl operator T'(zq — 25 + 2¢)-

Let us now proceed to the next chapter, where the study of the Heisenberg—
Weyl operators is taken up from an algebraic point of view.






Chapter 6

Heisenberg Group
and Weyl Operators

The algebraic approach to the Heisenberg group we outline in the first section
goes back to Weyl’s work [179] on the applications of group theory to quantum
mechanics, a precursor of which is Heisenberg’s “matrix mechanics,!” which was
rigorously presented by Born and Jordan in [13]. It is remarkable that such an
ad hoc inductive argument has led to one of the most important developments in
mathematical physics, with ramifications in many areas of pure mathematics. For
explicit applications of the Heisenberg group to various problems in information
theory see Binz et al. [9, 10], Schempp [140, 141]. Gaveau et al. [45] study the
symbolic calculus on the Heisenberg group; also see the books by Folland [42] or
Stein [158] where interesting material can be found.

The second part of this chapter is devoted to the definition and study of the
notion of Weyl pseudo-differential calculus. Due to practical limitations we do not
pretend to give a full account of the Weyl pseudo-differential calculus; the inter-
ested reader is referred to the (vast) literature on the subject. Some references for
Weyl calculus I have in mind are Leray [107], Treves [164], Wong [181]. For recent
advances and a new point of view see Unterberger’s book [167]. For modern aspects
of pseudo-differential calculus in general, including a thorough study of the fasci-
nating topic of pseudo-differential operators on manifolds with conical singularities
the reader is referred to Schulze [144, 145, 146] and Egorov and Schulze [36].

Tt was during a time dubbed “Hexenmathematik” — which is German for “witch mathemat-
ics” — because of its non-commutativity, which was a quite unfamiliar feature for physicists at
that time.
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6.1 Heisenberg Group and Schrodinger Representation

Born and Jordan’s argument mentioned above went as follows: noting that Hamil-
ton’s equations can be written in terms of the Poisson brackets as

iy =A{x;,H} , p; ={p;,H}, (6.1)

we choose matrices
X17X27'"7Xn;P17P27"'7P’n

satisfying the “canonical commutation relations”
[X:, X;]=0, [P, P] =0, [X;,P] =1hd;;1. (6.2)
Assuming that the “matrix Hamiltonian”
H=H(Xy,....,Xn;P1,...,P,)

is unambiguously defined, one postulates that, in analogy with (6.1), the time-
evolution of the matrices X;, P; is determined by the equations

Xj = [XJ'vH] ’ Pj: [Pjvg]'

It turns out that the relations (6.2), viewed as commutation relations for
operators, lead to the definition of a Lie algebra, which is called the Heisenberg
algebra in the literature. We will see that it is the Lie algebra of a group closely
related to the Heisenberg—Weyl operators defined at the end of the last chapter.

6.1.1 The Heisenberg algebra and group

The Heisenberg group is a simple mathematical object; its interest in quantization
problems comes from the fact that its Lie algebra reproduces in abstract form the
canonical commutation relations. We will see that there is a unitary representation
of the Heisenberg group in L?(R”), commonly called the Schridinger representa-
tion, which leads to an important version of pseudo-differential calculus, the Weyl
calculus. (In Chapter 10 we will study another representation of the Heisenberg
group, leading to quantum mechanics in phase space.)

Consider the textbook quantum operators )/(\j, ﬁ; on S(R) defined, for ¢ €
SGRZ)? by

S 5 L Oy
Xj’l/) = Ij’l/) y Pj’l/) = 7Zha—xj.
These operators satisfy the commutation relations [)A(i,)?j] = [ﬁl,ﬁ]] = 0 and

[)A(i, ISJ] = thd;;1, justifying the following general definition:
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Definition 6.1. A “Heisenberg algebra” is a Lie algebra b,, with a basis {Xl, . ,)A(n;

P1 Pn, T} satisfying the “canonical commutation relations”?

[)?iv)?j] =0, [131713;] =0, [)?1713;] = 51‘;‘? (6.3)

for 1 < 4,5 < n; his a constant identified in Physics with Planck’s constant h
divided by 2.

__In the example above the operator T corresponds to multiplication by ¢h:
T = ilp; it plays the role of time.

The canonical commutation relations (6.3) are strongly reminiscent of the
formulae (1.9) defining a symplectic basis (see Subsection 1.1.2 of Chapter 1). It
is in fact easy to make the link with symplectic geometry: writing z = (x, p) and

U :in)?i—i—piﬁi—i—tf , U’:Zx;)@—i—p;ﬁi—i—t’f

=1

the relations (6.3) are immediately seen to be equivalent to

~

[U,U'] =o(z,2)T. (6.4)

Let us now describe the simply connected Lie group H,, corresponding to
the Lie algebra in b,. Since all Lie brackets of length superior to 2 vanish, the
Baker—Campbell-Hausdorff formula (see Appendix A) shows that if U and U’ are
sufficiently close to zero, then we have

~

exp(0) exp(0") = exp(0 + 0" + 3[0,07)),

that is, in view of (6.4),

-~

exp(U) exp(U') = exp(U + U’ + 30(z, NT). (6.5)

The exponential being a diffeomorphism of a neighborhood U of zero in bn onto
a neighborhood of the identity in H,, we can identify U U’ for small z, 2/, ¢, ¢,
with the exponentials exp(U) and exp(U’), and exp(U) exp(U ") with the element
(z,t)R(2',t) of R?" x R, defined by

(2, PR t) = (z+ 2/, t+t' + So(2,2)). (6.6)

Clearly (0,0) is a unit for the composition law &, and each (z,t) is invertible with
inverse (—z, —t). One verifies that the law "X is associative, so it defines a group
structure on R?" x Ry, identifying H,, with the set R?" x R;.

20ften abbreviated to “CCR” in the physical literature.
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Definition 6.2. The set R?" x R; equipped with the group law
(2, )R 1) = (z+ 2t + ' + L0(2,2))
is called the (2n + 1)-dimensional Heisenberg group® H,,.

At this point we remark that some authors define the Heisenberg group as
being the set R?" x S! equipped with the law

(z,u)(z',u') = (zz’,uu’e%‘y(z’zl)). (6.7)

It is immediate to check that H,, is the universal covering group of this “exponen-
tiated” version H*P of H,,; since the covering groups of a Lie group all have the
same Lie algebra as the group itself, the Lie algebra of HS*P indeed is b,,.

There is a useful identification of H,, with a subgroup H?! of GL(2n+2,R).
That group (the “polarized Heisenberg group”) consists of all (2n +2) X (2n + 2)
upper-triangular matrices of the type

1 pl e pn t
Mzt)= |2+ 1
o o0 - 1 =z,
o 0 -~ 0 1

(the entries of the principal diagonal are all equal to 1); we will write these matrices
for short as

1 p7 ¢
M(z,t)=10 1 =z
0 0 1

A simple calculation shows that the determinant of M(z,t) is 1 and that its in-
verse is

1 _pT —t+ <pa LL’>
M(z,t)' =10 1 —x ;
0 0 1
moreover
Mz, ) M2ty = M(z+ 2"t +t' + (p, ). (6.8)

Exercise 6.3.
(i) Show that the mapping ¢ : HP°! — H,, defined by

P(M(z,t)) = (2,t = 5 (p, ) (6.9)

is a group isomorphism.

3Tt is sometimes also called the Weyl group, especially in the physical literature.
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(i) Show that the Lie algebra hP°' of HE®! consists of all matrices

0 p" t—3(px)
XPolzt)=10 0 T
0 0 0

We are next going to represent the elements of the Heisenberg group as
unitary operators acting on the Hilbert space L?(R?) of square-integrable functions
on position space; doing this we will recover the Heisenberg—Weyl operators defined
at the end of the last chapter. This representation is the key to the Weyl calculus
that will be developed in Section 6.2.

6.1.2 The Schrodinger representation of H,,

Let us recall some terminology and basic facts from representation theory (see
for instance Schempp [140], Varadarajan [170], or Wallach [175]). Let G be a
topological group and H a Hilbert space. A unitary representation (T, H) of G is a
homomorphism T : G — U(H) where U(H) is the group of all unitary bijections
‘H — H equipped with the strong topology.

e Two unitary representations (7', H) and (T',H’) are equivalent if there exists
a unitary bijection U : H — H' such that
UoT(g)=T(g)oU forall g€ G;

e The unitary representation (T, H) is irreducible if the only closed subspaces
of H which are invariant under all T'(g), g € G, are {0} or H itself. [One
sometimes says topologically irreducible].

A theorem of Schur (see Folland [42], Appendix B, for a proof) says that:
e The unitary representation (T',H) is irreducible if and only if all bounded
operators A : H — H such that
AoT(g)=T(g)o A forallge G
are of the type M, A € C.
Recall that the Heisenberg—Weyl operators were already defined in Chapter 5,
Subsection 5.5, by the formula

~ i

1
T(20)0(2) = eh(<p0,1>*§<po,xo))¢(x — ).

We also saw that these operators do not commute, and satisfy the commutation
relations (5.67)—(5.68), which we restate here:

~ ~

T20)T (1) = eR7C0 DT (21 )T (20), (6.10)

~

T(z0 + 21) = e~ WD ()T (21). (6.11)
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We will need the following classical result from harmonic analysis (see, e.qg.,
Stein and Weiss [159], Chapter 1, §3):

Lemma 6.4. Let A be a bounded operator L?(R?) — L*(R%). If A commutes with
the translations © — x + xg, then there exists a function a € L>®(R?Y) such that

F(Ay) = aFy for all ¢ € S(RY).

Proof. We will give the proof of this property in the special case where A is an
integral operator

A(z) = / Kz, p)d(y)d"y

with kernel K € LY(R? x R?) satisfying
sup/|K(x,y)|dx§C , Sup/|K(x,y)|d:1:§C.
Yy T

In view of a classical lemma of Schur (see for instance Hormander [92], p. 74)
A is then continuous L?(R?) — L?*(R?) and has norm < C. Let T(xo) be the
translation & —— x + x; the relation T'(zg)A = AT (zg) is easily seen to be
equivalent to K(z — zo,y) = K(z,y + x¢). For ¢, ¢ € S(R?) we have

[ Fotwwtnay = [ omrotmay
where F' is the usual Fourier transform
Fo© = ()" [ v

‘We have
Ag(x) / (FK) (2, m)Fib(n)d™

where F~! is the inverse Fourier transform acting on the second variable. We can
rewrite this formula as

n/2 i(x n
(o) = (F)" [ alzmFomiy
where the symbol «a is given by
a(z,n) = (2m)" 2" PR (2, n),

that is
a(x,n) = /6i<’”y’”>K(x,y)d"y-

Setting 3y’ = —x + y this equality becomes

a(x,n) = /ei<y,’”>K(x,y’ +x)dy’ = /ei<y,’”>K(0,y’)dy’
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so that a is independent of x : a(x,n) = a(n). Summarizing we have shown that

(o) = ()" [ enagmpuma,

hence F(Avy) = aF using the Fourier inversion formula. O

Let us now state and prove the main result of this subsection, namely the
existence of an irreducible representation of the Heisenberg group H,, compatible
(in a sense we will make precise) with the Schrédinger equation. (For different
approaches see Wallach [175], or Folland [42]; the latter gives a proof related to
the Stone—von Neumann theorem which we will discuss below); there are also
relations with Kirillov theory [175] which we do not discuss here because of lack
of space.

Theorem 6.5. The mapping Tz, to) : H, — U(L?(RD)) defined by

~

T(z0, to)(x) = X T (z0)1)(x)
is a unitary and irreducible representation of H,,.

Proof. Tt is clear that each operator T(zg,to) is unitary:

1T (20, to)¥|[z2 = ||| 2 for all ¥ € L*(RE).

On the other hand, by formula (6.11),

~ ~

T(Zo,to)T(Zl,tl) = e%a(zo,zl)f(ZO + 21,10 + tl),

that is
T(Zo,to)T(Zl,tl) = T(Z() + Zl,t() +11 + %0’(2’0, Zl)), (612)

hence 7 is a continuous homomorphism H,, — U/(L2(R")) showing that 7" indeed
is a unitary representation of H,. Let us now prove the non-trivial part of the
theorem, namely the irreducibility of that representation. We must show that if A
is a bounded operator L?(R?)— L?(R?) such that

A\O j_\'(ZO,to) = f(ZO,to) 9] A\

for all zg € R2", then A = M for some complex constant A. Choosing pp = 0 and
to = 0 we have in particular

o~ -~

AoT(xg) =T(xg)0 A

where the operator T'(z¢) is defined by T'(zo)¥(x) = (x — z¢); it now suffices to
apply Lemma 6.4 above. |
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A natural question that arises at this stage is whether there are other ir-
reducible unitary representations of H,, in the Hilbert space L*(R?). A famous
result, the Stone—von Neumann theorem, asserts that the Schrodinger representa-
tion of it is, up to unitary equivalences, the only irreducible representation of H,,
in that Hilbert space (we are emphasizing the word “that” because the Stone—von
Neumann theorem does not prevent us from constructing non-trivial irreducible
representations of H,, in other Hilbert spaces than L?(R"). We will return to this
important question in Chapter 10 when we discuss the Schrodinger equation in
phase space; we will see that it is perfectly possible to construct (infinitely many)
representations of the Heisenberg group on closed subspaces of L?(R?").

6.2 Weyl Operators

The first mathematically rigorous treatment of the Weyl calculus is probably the
paper by Grossmann et al. [83], which was later taken up by Hérmander in [93].
Weyl calculus is often called by quantum physicists and chemists the WIWWMG
formalism; the acronym “WWMG” stands for Weyl-Wigner—Moyal-Groenewold,
thus doing justice to the three other major contributors, Wigner [180], Moyal [127],
and Groenewold [80], who are often forgotten in the mathematical literature. Here
are a few references for pseudo-differential calculi in general, and Weyl operators
in particular. These theories have passed through so many stages since the foun-
dational work of Kohn and Nirenberg [104] that it is impossible to even sketch a
complete bibliography for this vast subject. Two classical references are however
the treatises of Hormander [92] or Treves [164]; Folland also gives a very readable
short account of pseudo-differential operators in general and Weyl operators in
particular?. A detailed treatment of the Weyl calculus is Chapter III in Leray’s
book [107]; it is however written without concession for the reader and a begin-
ner might therefore find it somewhat difficult to digest. Toft [161] studies various
regularity properties of Weyl operators in various Sobolev and Besov spaces, and
applies his results to Toeplitz operators. Voros [172, 173] has given very interesting
asymptotic results related to the metaplectic group; his work certainly deserves to
be taken up. The reading of this chapter could be fruitfully complemented by that
of Wong’s [181] book (especially Chapters 4, 9, 29, 30). We also wish to draw the
reader’s attention to the deep and brilliant paper [77] by Gracia-Bondia where the
Weyl formalism is analyzed in detail from the point of view of a class of simple
operators earlier defined by Grossmann [82] and Royer [137]. This approach allows
the author to discuss in a pertinent way the problem of dequantization.

Weyl operators are of course only one possible choice for the operators arising
in quantum mechanics; our choice has been dictated by the very agreeable sym-
plectic (or rather metaplectic) covariance properties of these operators. There are

4Folland insists on putting 27’s in the exponentials: his normalizations are typical of mathe-
maticians working in harmonic analysis, while we are using the normalizations common among
people working in partial differential equations.
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of course other options, corresponding to different “ordering” procedures (see for
instance the treatise by Nazaikiinskii, Schulze and Sternin [128], which in addition
contains many topics we have not been able to include in this book, in particular
an up-to-date treatment of Maslov’s canonical operator method).

6.2.1 Basic definitions and properties

Let us begin by introducing a notion of Fourier transform for functions (or distri-
butions) defined on the symplectic phase space (R2", o).

Definition 6.6. Let f € S(R?"). The “symplectic Fourier transform” of f is the
function f, = F, f defined by

Falz0) = (52)" / e £0G02) f1)dn (6.13)

(0 the standard symplectic form on R2™).

Let F be the usual Fourier transform on S(R?") defined, for f € S(R?"), by
ff(Z) _ (ﬁ)n/6—%<z,z’>f<zl)d2nzl.
The symplectic Fourier transform is related to F by the obvious formula

Fof(Jz) = Ff(2). (6.14)

Since F extends into a (unitary) operator L?(R?") — L?*(R2") and, by duality,
into an operator §'(R?") — S’(R?") so does F,. Summarizing:

The symplectic Fourier transform F, is a unitary operator on L?(R?")
which extends into an automorphism of the space S'(R?") of tempered
distributions.

It follows from formula (6.14) that F, is an involution:
Fl=F, (or F2=1). (6.15)

Exercise 6.7. Prove the formula above using the relation (6.14) and the properties
of the ordinary Fourier transform. The following symplectic covariance property
generalizes formula (6.14):

Proposition 6.8. For every S € Sp(n) we have
Fo(foS)=(Fsf)oS for every S € Sp(n). (6.16)

Proof. Since 0(Sz,2') = o(z,5712') we have

Fof(Sz) = (ﬁ)n/eféﬂ(z,S’lz’)f(zl)d}nZ/
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that is, performing the change of variable 2/ = Sz” and taking into account the
fact that the determinant of a symplectic matrix is 1,

Fof(Sz) = (ﬁ)"/e*%ff(Z»Z”)f(sz"ﬂ det S|d?"z"
= (ﬁ)"/e—%0(272”)]0(521/)(12712//’

hence (6.16). O

Let us now define the Weyl operator associated to a symbol. We will see
below that our definition just represents the Fourier decomposition of a pseudo-
differential operator of a particular type.

Definition 6.9. Let a € S(R?").
(i) The “Weyl operator associated to the symbol a” is the operator

~

A: SR — S(R?)
defined by
Ay (z) = (ﬁ)n/ag(zo)f(zo)w(x)d%zo. (6.17)

(ii) The symplectic Fourier transform a, = F,a of the symbol a is called the

. ~ . B 1 Weyl =~
“twisted symbol of A”. We will write A Yl 4 or a ¥ (the “Weyl

correspondence” ).

We will often write (6.17) in the shorter form

A= (2" / o (2)T(2)d*" 2 (6.18)
where the right-hand side should be interpreted as a “Bochner integral”, i.e., an
integral with value in a Banach space.

It follows from the inversion formula (6.15) that the ordinary Weyl symbol
a and its twisted version a, are explicitly related by the simple formulae

a0 (2) = ()" / TR g (o), (6.19)
a(z) = (ﬁ)n/ef%g(z’zl)ag(z’)dznz'. (6.20)

In view of the definition of the Heisenberg—Weyl operator f(zo), definition
(6.17) of A can be rewritten in a slightly more explicit form as

A(z) = ()" / ag(z0)en (PO} =3 P02y (00— 3:0)d?" 2. (6.21)
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This formula shows that, indeed, Xw is well defined under the assumptions on
a and ¥ made in Definition 6.9: the integrand is rapidly decreasing as |z| —
oo so the integral is absolutely convergent. In fact, a modest amount of work
involving repeated use of Leibniz’s formula for the differentiation of products shows
that Ay € S(RY), and even that A is continuous for the topology of S(R?). We
leave these trivial (but lengthy) verifications to the reader as a useful but boring
exercise, and rather focus on the question whether formula (6.17) could be given a
reasonable meaning for larger classes of symbols than S(R?"), namely those having
a well-defined symplectic Fourier transform (even in the distributional sense). This
is more than an academic question, since in the applications to quantum mechanics
the symbol a represents “observables” which can be quite general functions of
position and momentum (for instance energy) that have no reason to be rapidly
decreasing at infinity.

Let us determine the Weyl symbol and the twisted symbol of the identity
operator:

Proposition 6.10. Let T be the identity operator in S(RY) and a its Weyl symbol.
We have
a(z) =1 and a,(z) = (27h)"(z2).

Proof. We obviously have
vle) = [ [3(a)ita - zo)d"pod" s,
_ / / 5(20) T (20)0(2)d" pod™ o,

hence a,(z) = (2h)™d(z) as claimed. Since on the other hand we have, in view of
the inversion formula (6.15),

a(z) = ]:aag(Z) = /6_%U(z,z/)6<zl)d2nzl _ 1’

this proves the proposition. (|

Here is another example:

Example 6.11. Let us next consider the case where the symbol is the Dirac distri-
bution § on R?". We have here a,(z9) = (27h)~" and hence

Ap(z) = (ﬁ)%/ (/e%<p°’$_;w°>dnpo) P(x — xo)d" 20
= ()" [ 00— Jao)ote — zo)d"zo
= ()" v(-=)

so that the operator A is, up to the factor (rh)™", a reflection operator.
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6.2.2 Relation with ordinary pseudo-differential calculus

The two examples above show that one can indeed expect to define Weyl operators
for quite general symbols. To see how this can be done it is a good idea to look at
the kernel of the Weyl operator with symbol a € S(R?"). We recall the following
theorem from functional analysis (for a proof see, e.g., Tréves [165]):

Schwartz’s kernel theorem: The continuous linear transforms
A:S8R?) — S'(R?)
are precisely the operators with kernel K ; € S'(R7 x R?).

We will write the action of such an operator on a function ¢ € S(R?) as

Av(w) = [ Kzwmwl)d'y (622
where the integral should be interpreted, for fixed x, as the distributional bracket
Ay () = (K5(x,), ().

The following theorem shows that Weyl operators are just pseudo-differential
operators of a special kind:

Theorem 6.12. Let a € S(R2") and A X .

(i) The kernel of A is given by

Kaew) = ()" [0 daernpay 629

and hence

-~

Ap(z) = (ﬁ)n//e%@’“y)a(%(x+y),p)w(y)d"pd"y (6.24)

for ¢ € S(RY).
(ii) Conversely

a(z,p) = /6_%<”’y>K;‘(x + %y,x — %y)d"y (6.25)

that is, setting y = ¢ — z¢:

~

AY(x) = (ﬁ)n//e%”l(p“’”y)aa(x — ¥, p0)¢(y)d"yd" po.
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z) = / K (@, y)(v)d

where the kernel K 3 is given by

‘We thus have

Ka(e.9) = (225)" [ e ag(o — y.po)d'po
Since a,(z) = Fa(Jz) (formula (6.14)) this can be rewritten as
Kz(x,y) = (577) / #0) Fa(po, y — @)d"po
= ()" / / 3R P0s+0) o~ ko (o002 4 () P po ™ 2!
/ R (/e%@”’é(”l’)‘”d"m) a(z')d*" 2
Lh / - v§ %(x +y) — aa()d*" 2
/ B a( (x4 y),p)d

which is (6.23). Formula (6.24) follows.
To prove (ii) it suffices to note that (6.23) implies that

Ki(z+sy,z—1y) = (ﬁ)n/ef%@’y)a(z,p)d"p; (6.26)

fixing x, formula (6.25) follows from the Fourier inversion formula. O

Part (i) of the theorem above shows that Weyl operators can be expressed
in an amazingly simple way in terms of the Grossmann—Royer operators

T(z0)(z) = e Por=0) (230 — 1)
defined in Section 5.5 of Chapter 5:

Corollary 6.13. Let a € S(R2") and A ey a; we have

A= ()" / a(2)T(2)d2" 2 (6.27)

where the integral is interpreted in the sense of Bochner; in particular we have the
“reproducing property”

(%)H/T(Z)d%z: I (6.28)

(f the identity operator).
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Proof. Let ¢ € S(R); setting 2’ = $(z +y) in (6.24) we get

~

Ay(z) = (&) //e i (pw—a’ ,p)(22" — x)d" pd™z’
which is precisely (6.27). O

Notice that if we interpret formula (6.24) in the distributional sense we re-
cover the fact that the identity operator has symbol a = 1. In fact it suffices to
observe that in view of the Fourier inversion formula,

%)"//e%@“‘y)w(y)d"yd% = ¥(x). (6.29)

In fact, Schwartz’s kernel theorem implies:

Corollary 6.14. For every continuous operator A : S(R™) — S'(R™) there emists

a € S8'(R?™) such that the kernel of/Al is given by formula (6.23) interpreted in the
distributional sense:

K@) = (et a( (@ +1),)). (6.30)

Proof. Formulae (6.23) and (6.25) in Theorem 6.12 show that the linear mapping
is an automorphism S(R?) — S(R?). It is easy to verify that this automorphism
is continuous and hence extends to an automorphism S&’'(R?) — S’(R?). In view

of Schwartz’s kernel theorem every continuous operator 4 : S(R?) — S’(R?) can
be written as

Ap(r) = (Kz(,),%())
where K ; € 8'(R2"). The corollary follows. O

Here is one basic example, useful in quantum mechanics:

Example 6.15. Let a(z) = z;p;. Then A is the operator
A= LX;P+P;X;). (6.31)

To see this we notice that

;r

AY(z) = (5%) // F P L (g 4y psab(y)d yd™p
= ()" g [[ R ipuanyay
Lh n 3 // R (P ypjyﬂ/)( )d"yd" p;
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in view of the obvious equalities
(240)" 32 [[ et vy = o Pru)
(25)" 4 [[ e+ mupt)dads = 3P (e0)),

formula (6.31) follows.

Theorem 6.12 shows us the way for the definition of the Weyl correspondence
for more general symbols. For instance, we can notice that for all ¥, ¢ € S(RZ) we
have

l\’)l»—l

i

(Av.0) = ()" [[[ b= Dab +v).pv@ot)d v v

this formula actually defines At in the weak (= distributional) sense for a €
S'(R”). (Wong [181] uses the Riesz—Thorin interpolation theorem to define A
for arbitrary symbols a € S§'(R?); in particular he defines Afora e LP(R?™),
1 < p < o0; see in this context Simon [151]). We will come back to these questions
of extension in the next subsection. Let us first emphasize that one major ad-
vantage of the Weyl correspondence on traditional “classical” pseudo-differential
calculus (see Appendix C) is that if the symbol a is real, then the operator A is
symmetric (or essentially self-adjoint). This property is of paramount importance
in applications to quantum mechanics, where one wants to associate a self-adjoint
operator to a real “observable”:

Proposition 6.16. The following properties hold:

(1) IfaMA thencu—»A*

(ii) The operator A s self-adjoint: A=A if and only if a is a real symbol.
Proof. (i) The adjoint A* of A is defined by

(A%, )2y = (¥, g¢>)L2(Rg)
for ¥, ¢ € S(R?); this means that

/(/Kfﬁ;(:}c,y)lﬂ(y)d”y) o(x)d"z = / (/Kg(y,x)qS(x)d"x)zp(y)d"y

which is equivalent to the condition

K5(x,y) = K;(y, ). (6.32)

The adjoint of A is obtained by replacing a by its complex conjugate.
(i) We have A = A* if and only if K;(z,y) :K}l(y,x), that is, by formula (6.23), to

/6%“”“%(%(%+y),p)d"p: /e%<p»rfy>a(%(x+y),p)d”p

which is satisfied if and only if a is real-valued. O
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6.3 Continuity and Composition

In this section we begin by stating and proving a few continuity properties of Weyl
operators; because of lack of space we limit ourselves to the cases of interest to us
in the applications to quantum mechanics. We then study in detail the composition
formula for Weyl operators.

6.3.1 Continuity properties of Weyl operators

Let us begin by the mathematically “traditional” case, and assume that the symbol
a belongs to one of the standard classes STy (see Appendix C for a definition of
the classes 7).

Theorem 6.17. Assume that a € STy (R2"). Then the operator A defined, for N >
m+n and P € S(RY), b

Ava) = ()" [[ 4TI LYa(be 40 p) 0+ ) Ny (639

where Ly, =1 — A, (A, the Laplace operator in y = (y1,...,Yn)) i a continuous
operator S(R™) — S(R™) coinciding with A YV} 6 when a € S(R?n).

Proof. We only sketch the proof of this well-known result here. (We are following
Wong [181].) Choose 6 € Cg°(R}}) such that 6(0) = 1 and set, for £ > 0,

i

Aoz / / #ea=) (a(L(x + ), p)OEp) () yd . (6.34)

One then shows using partial integrations:

(i) that the limit lim._,o ;{9,81/] exists and is independent of the choice of 8; the
convergence is moreover uniform;

(i) that the limit, denoted by Aw(z) is given by the integral (6.33) where
N >m+n. |

Remark 6.18. The right-hand side of formula (6.33) is called an “oscillatory inte-
gral”, and one writes it as

@) = ()" [ [t atbo + ). pp0t)d v

One can work with oscillatory integrals very much as with ordinary integrals pro-
vided that some care is taken in their evaluation (for example, one should not in
general attempt to apply Fubini’s rule to them!).
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To limit ourselves to symbols belonging to the standard pseudo-differential
classes S’;’?(; (R27) is far too restrictive to be useful in quantum mechanics where one
is particularly interested in operators A acting on L?(R?), or at least, with dense
domain D3 C L?(R?). For instance, Hilbert-Schmidt operators play a central role
in the study of quantum-mechanical states; we will see in Chapter 9 (Theorem
9.21) that these operators are Weyl operators with symbols belonging to L?(R?),
and such symbols do not generally belong to any of the classes S} (R2m).

Here is one first result which shows that A is a bounded operator on L2 (RM)
provided that the Fourier transform Fa of the symbol a is integrable (in Exercise
6.20 below the Reader is invited to prove that this condition can be replaced by
the condition a € L*(R?)).

We denote here by Fa the Fourier transform of a with respect to the variables
z=(z,p):

Fa(s) = (ﬁ)n/e*%“@a(z)d%z. (6.35)
Proposition 6.19. Assume that Fa € L'(R?"™). For every 1 € S(R?) we have
-~ 2n
1AYIl2rn) < (z5) " 1Fallpr@e)l1¥l] 2 ), (6.36)

hence A is a continuous operator in S(R2") for the induced L*-norm, and can thus
be extended into a bounded operator L*(R?) — L2(R™).

Proof. The kernel of Alis given by

Ki(z,y) = (25)" B(i(z +y),y — )

where F3 is the Fourier transform in the p variables. By the Fourier inversion
formula we have

an(%((y + y)’y — $) = (ﬁ)n/2/eﬁ<lﬂ+y»§>}7‘(§7y _ .’L')dnf

and hence
n

K(z,y) = (55)" [ eV Fa(g,y — x)d"e.

—

It follows that
[1Kae s < ()" [1Fatey - aleas,
[1Ka iy < ()" [ 1Fatey - olaedy.
Setting n = y —  we have

/ Falt,y — 2)|d"Ed"a = / |Fa(é,n)|d"ed™,
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hence the two inequalities above can be rewritten
n
[ 1Ktz las < ()" I Fallo,

/ K 3 ()l < (52)" || Fal 1.

The rest of the proof of the inequality (6.36) is now similar to that of the usual
Schur lemma: setting C' = (27h)~"||Fal|L1 we have, using Cauchy—Schwarz’s in-
equality,

AP < / K (2, 9)|d"y / K () [0 () Py

<c [kl
and hence

[iaver <c [ ( [ popasey
[1As@Par<c [low)dy

which is precisely (6.36). The last statement of the lemma immediately follows
from the continuity of A and the density of S(R?) in L2(R™). O

that is

Exercise 6.20. By modifying in an adequate way the proof above, show that the
conclusions of Proposition 6.19 remain true if one replaces the condition Fa €
LY(R?") by a € L'(R?").

Proposition 6.19 implies the following rather general L?-continuity result:

Corollary 6.21. If a € C"™(R?") and 0%a € LY(R?") for every multi-indexr o €
N2 such that |a| < n+ 1, then A Y 4 is a bounded operator on L?(R").

Proof. In view of Proposition 6.19 it suffices to check that the condition on a
implies that Fa € L'(R?"). Now, for every integer m > 0,

(L+]22)"Fa = F((1 - ®*AT)a)

where A”7" is the mth power of the generalized Laplacian A, = 2?21 631_ + 8gj. It
follows that we have the estimate

(14 P Fal)] < [ 10 - BAT)a()|d"s < oc
if 2m < 2(n + 1), and we can then find C' > 0 such that
|[Fa(z)] < C(1+ [o[*) "
which implies that Fa € L'(R?"). O



6.3. Continuity and Composition 177

In most cases of interest one cannot expect L?-boundedness for a Weyl op-
erator A; it is usually only defined on some domain D3 C L*(RZ). An excellent
substitute for Proposition 6.19 (and its corollary) is then to look for conditions on

the symbol that ensure that A:S (R?) — S(R?). We are going to prove below
that it is actually sufficient to assume that the symbol a and its derivatives are
growing, for |z| — oo, slower than some polynomial to ensure S(R?) continuity.
Let us define this concept precisely:

Definition 6.22. We will call a function a € C*°(R?") a “polynomially bounded
symbol” if there exists real numbers m € R, § > 0, such that

|02a(z)] < Cy(1+ |2?)z(mFonD (6.37)
for some Cy > 0.
Clearly every function a € S(R?") is polynomially bounded.
Theorem 6.23. Assume that a satisfies the estimates (6.37) with 0 < 6 < 1.

(i) The associated Weyl operator A is continuous S(R?) — S(R™) and Av(z)
is given by the iterated integral

Avte) = ()" [ ([ ero=ati +mweies) e (639

where the integral in y is O(|p|~>°).

(ii) The operator A extends by transposition into a continuous operator S'(RZ)
— S'(R2).

Proof. The statement (ii) follows from (i) since the Weyl symbol of the transpose
of A satisfies the same estimates (6.37) as that of A.

Let us prove (i). Setting
f0) = [ H0* Daia ). pv)d"y (6.39)
we have, for 1 < j <n,
PEG) = ) [ 03 (eh P alba + ) POy
and hence
PP 0) = (02 [ AN (AT Na(ba@ by ey (6.40)

where A, = Z?Zl 8§j. Using Leibniz’s rule it is easily seen that the conditions
(6.38) imply that the function y — a((z + y),p)1(y) and all its derivatives

vanish at infinity, hence, performing partial integrations in (6.40):

>N f(p) = (iﬁ)zN/e%@’m_y)Afjv [a(3(z +y),p)v(y)] d"y
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from which follows that we have
PPV £ ()] < B2V / AN [a(L(@ + ), p)e(w)] [d"y.

Using once again Leibniz’s rule, A [a(3(z +y),p)1b(y)] is a linear combination
of terms of the type

9ap(2) = 8 al (@ +v).p)90(y) . lal+ |6 =N

and each of these terms satisfies, by (6.38), an estimate
19a8(2)] < Cap(1+ [21)2 "My (y).

It follows that there exist constants Cn, C\y > 0 such that

PP < Onl1+ 2 [ oty
< Op(1+ |23 0m M)
and hence, in particular,
[f()| = O(lp| ™+~ DN)  |p| — oo
for every N. If § < 1 we have

lim (§ —1)N = —o0
N—o0
and hence |f(p)] = O(|p|~°°) and the integral in p in (6.38) is thus absolutely
convergent. Let us now show that Ay € S(R?) when ¢ € S(R?) (the proof of the
continuity easily follows: see the exercise below). For any multi-indices o', 3’ in N
the function :E“/Bf/zzl\w(x) is, by Leibniz’s rule, a linear combination with complex
coefficients of terms of the type

Fop(x) = /p" </ w“e%@’xy>8fa(%($+y)»p)¢(y)d”y) d"p (6.41)

with |a|+|8| = |o/|+]8'|; since z%0%a is polynomially bounded with the same value
of § as a, it follows that the integral in y is again O(|p|~°°) so that |Fy, g(x)| < oo.
Hence xo‘,(?f,?lw(:r) is a bounded function for every pair (¢, ") of multi-indices,
and Ay € S (RZ) as claimed. O

Exercise 6.24. Finish the proof of Theorem 6.23 by showing the continuity of Aon
S(R?). [Hint: notice that pPes Pe=v) = (fih)w‘af(e%(p@_y)) and use thereafter
partial integrations in y in (6.41) to rewrite Fy, g(x) in a convenient way making
terms 07 (z*)) appear in the integrand. Conclude using Leibniz’s rule.]
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6.3.2 Composition of Weyl operators

Assume that A and B are Weyl operators corresponding to symbols a and b
satisfying conditions of Theorem 6.23:

o~

A(x) = (375) // £ eV o(L(z + y), p)(y)d yd"p,

~

Bo(e) = (z25) //%M Vb(3(x + y), p)Y(y)d yd"p.

Since each of these operators sends S(R?) into itself we may compose them. The
natural question which immediately arises is whether the product AB is itself a
Weyl operator, and if it is the case, what is then its Weyl symbol? A first remark
is that:

Lemma 6.25. Assume that A and B are operators with kernels K4 and Kp be-
longing to S(R2")). Then the kernel Ko of C = AB is in S(R2",) and is given by
the formula

Keo(z,y) = /KA(x,z)KB(z,y)d"z. (6.42)

Proof. In view of Cauchy—-Schwarz’s inequality,

Koz, y)? (/|KAH 2dra ) (/|KB o )P )

and hence

[ 1Kt Pary < [ ( / |KA<x,x’>|2d”w’) ( / |KB<x',y>|2d%') wdy

which yields

[isctpaary < [ ( [maazedas) ([ igoe ppas)ay,

that is
[ 1wy Py = | Kallzaeon 1Kol z2geen < oc.

ry

Let us next show that Kc(x,y) given by (6.42) indeed is the kernel of AB. We
have, for ¢ € S(R?),

ABy(x /KAa:waU

— /KA(:v,y) (/ KB(y,z)¢(z)an) dy:
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since the integrands are rapidly decreasing we may apply Fubini’s theorem, which
yields

ABua) - [ ( / KA@,y)KB(y,z)d"y) PNz,

that is (6.42). That K¢ € S(R?")) is immediate to check by differentiating under
the integral sign. (|

Remark 6.26. Formula (6.42) remains valid under less stringent conditions than
K;, Kz € S(RZ")) (the “integral” can be interpreted as a distributional bracket
for fixed x and z). We will study in some detail the case where the kernels K ;3
and K are in L*(R2")) in Section 9.2 of Chapter 9.

Proposition 6.27. Let AN o and B Y b pe Weyl operators. Then C = AB
has (when defined) Weyl symbol

= (a2)" [ ATl O~ g (649)

Proof. Assume that the Weyl symbols a, b of A and B are in S (R27). In view of
formula (6.42) for the kernel of AB, and formula (6.23) expressing the kernel in
terms of the symbol, we have

2n
Kp(2,y) = (355
< [[ [ erttemedtie vt o+ ), b3 + ). O ad .
In view of formula (6.25), which reads in our case
c(z,p) = /e*%(PﬂDKAB(x + u, x — Fu)d"u,

the symbol of AB is thus

o(2) =

2n

////ehQ (A +a+tu), Ob(d(z + a — tu), £)d"ad" (d"ud™¢
where the phase @ is given by

Q= (z—a+zu,l)+(a—a+ 508~ (up)
= (r—a+zu,¢—p) +{a—z+ zu,& —p).
Setting (' =¢—p, & =& —p, o’ = ;(a—z+ Fu) and v = 1 (a — 2 — Ju) we have

d"od"¢d ud" € = 22" (d"o/d"¢'d™u'd"¢') and Q = 20(u/, &5/, ()
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and hence

C(Z) 1 )2n

= ( R
< [[[[ ot Dok p bl il p o O

formula (6.43) follows setting z’ = 2(¢/, (') and 2" = —=2(v/,£’). O

Remark 6.28. Expanding the integrand in formula (6.43) and using repeated in-
tegrations by parts one finds that one can formally write

c(z) = a(z)e%(f

(2) (6.44)

«— =
where L = 01.J4,, the arrows indicating the direction in which the partial deriva-
tives act®. This notation is commonly used in physics.

Remark 6.29. If we view 7 as a variable parameter, then the symbol ¢ of the
composed operator will generally depend on &, even if a and b do not.

We now assume that the Weyl operators
A= () [w@T@En: | B= ()" [nETEe

can be composed (this is the case for instance if a, and b, are in S(R?")) and set
C = AB. Assuming that we can write

~

C= (ﬁ)n/cg(z)f(z)d%z

we ask: what is ¢,? The answer is given by the following theorem:

Theorem 6.30. The twisted symbol of the composed operator C = AB is the func-
tion co, defined by

co(2) = (;—h)n/eﬁ”(z’z/)aa(z — )by (2)d*™ 2 (6.45)

co(2) = (ﬁ)n/e‘ﬁ“(z’zl)ag(z')bg(z —2d* 7. (6.46)

Proof. Writing

A= ()" [aoleoTods0 . B= ()" [ 00T

5Littlejohn [112] calls L the “Janus operator” (it is double-faced!)



182 Chapter 6. Heisenberg Group and Weyl Operators

we have, using the equality

~

T(z0 + 21) = e~ 2RO T(20)T(21)

(formula (6.11)),

~

T(ZO E Lﬁ /ba- (Zl)d2n2’1

1

_h Lﬁa(zo’zl)b )T(ZO + Zl)d2n21

and hence
AB = (ﬁ)Qn //eﬁ"(z(”zl)ag(zo)bg(zl)f(zo + 21)d* zod*" 2y

Setting z = 29 + 21 and 2’ = z1 this can be written

AB = (%)%/ (/ez‘zﬁ“(z’zl)aa(z - z')bg(z')d%z') f(z)d%z,

hence (6.45). Formula (6.46) follows by a trivial change of variables and using the
antisymmetry of o. O

Remark 6.31. We urge the reader to note that in the proof above we did not at
any moment use the explicit definition of the Weyl-Heisenberg operators T'(z),
but only the property

~ i o~

T(z0 4 21) = e~ 287 02T (50)T(21)
of these operators. We will keep this remark in mind when we study, later on,

phase-space Weyl calculus.

We can express formulae (6.45) and (6.46) in a more compact way using the
notion of twisted convolution, essentially due to Grossmann et al. [83]:

Definition 6.32. Let )\ be a real constant, A # 0. The “A-twisted convolution
product” of two functions f, g € S(R2") is the function fx*, g € S(R2") defined by

(F29)(e) = [ o) fa = () (6.47)
Observe that as opposed with ordinary convolution, we have in general f

g # g+ f. In fact, it immediately follows from the definition, performing a trivial
change of variables and using the antisymmetry of the symplectic form, that

fraxg=gx/f (6.48)

Theorem 6.30 can be restated in terms of the twisted convolution as:
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Corollary 6.33. The twisted Weyl symbol of the composed operator C = AB is
(when defined) the function
Co = (55) 7"t #_1 by (6.49)

2mh

Exercise 6.34. Let f,g € S(R2"). Show that:

fg(a *_9p b) = (fga) *_92p b=a *_92p fa‘b, (650)
Foa*_op Fob=ax*_oxp b (6.51)

where F,, is the symplectic Fourier transform (6.13).

6.3.3 Quantization versus dequantization

As we have pointed out before, “quantization” of classical observables (which are
candidates for being pseudo-differential symbols) is not a uniquely well-defined
procedure: we have exposed so far one theory of quantization, whose character-
istic feature is that it has the property of symplectic covariance: composition of
the observable with a linear symplectic transformation corresponds, on the op-
erator level, to conjugation by a metaplectic operator. There are in fact many
other ways to quantize an observable, see for instance Nazaikiinskii et al. [128] for
other schemes which are very efficient in many cases of mathematical and physical
interest (Maxwell equations, for instance). From this point of view, the justifica-
tion of a given quantization scheme is beyond the realm of mathematics: it is the
physicist’s responsibility to decide, by confronting experiences in the “real world”,
to decide in each case which is the “good theory”. What we mathematicians can
do instead is the following: given a quantum observable ( = operator) we can try
to see whether this quantum observable originates, via some quantization scheme,
from a classical observable. In the language of pseudo-differential calculus this
amounts to asking if it is possible (within the framework of some given calculus)
to associate to an operator a well-defined (and unique) symbol. This is the prob-
lem of dequantization. We are going to answer (at least partially) that question in
the case of Weyl calculus, following Gracia-Bondia [77].

Recall that if a € S(R?"), the associated Weyl operator is defined by the
Bochner integral

-~

A= (ﬁ)n/ag(z)f(z)d%z

where f(z) is the Weyl-Heisenberg operator; equivalently
A= ()" / a(2)T(2)d*"z (6.52)

where T(z) is the Grossmann-Royer operator:

T(z0)(w) = e 0" ="0)4h(2g — ),
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Formula (6.52) can be written, for ¢ € S(RZY), as
A = (F)" (a0, TCw) (6.53)
where (-, ) denotes the usual distributional bracket:
(,): S'(R?") x S(R*™) — C.
The problem of dequantization can now, within our framework, be stated as fol-
lows: given an operator A : S(R?") — &'(R?") how can we find a satisfying

(6.53)? We are going to answer this question; let us first introduce the following

terminology: if A is an operator with kernel K € S(R} x R}) we call the real
number

Tr A= /K(x,:z:)d"x
the trace of A. (We will study in detail the notion of trace, and that of trace-class

operator, in Chapter 9.)

Theorem 6.35. Let a € S(R2") and A YY) . The trace of AT(2) and T(2)A are
defined in the sense above, and:

(i) We have _ _

a(z) = 2" Tr(AT(2)) = 2" Te(T(2)A); (6.54)
(i) Let A be a bounded operator. The mapping

S(R2™) — C , b+ (2rh)" Tr(AB) (6.55)

coincides with a in the distributional sense.

Proof. (i) We have, for ¢ € S(R?),

-~

ATEY@) = (3m)" //6%<p’m_y>a(%(w +y),p)e POV (2 — y)d"yd"p;
setting y' = 2z¢ — y the kernel of AT(z) is thus the function
K(x,y’) _ (ﬁ)n 6%<P0,x07yf>/6%<}7,r+y/,2z0>a(%(I N y/) + Io,p)d"p

so that
— (L™ Fpo,zo—z) [ 3 (pz—x0) n
K(z,2) = (5%) enPovo en \PTTT) (g0, p)d™p.

Integrating in x yields

/K(I,w)d%: (ﬁ)n/ [/empp(”x)d"x} e (PPl g 30, p)d"p

=2 [3(p— po)eR O (oo, p)p

= 2""a(zo, po)

which proves the first equality (6.54); the second is proven in the same way.
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(ii) Assume first a € S(R?"). We have, using (6.52),

Tr(AB) = (&)" Tr { / b(z)ﬁf(z)d%z]

I
—
3
St

L )n/b(z) Tr(AT(2))d*" 2

(see exercise below for the justification of the second equality). Taking into account
(6.54) this is

A~

Tr(AB) = (ﬁ)n/b(z)a(z)d%z = (52)" (a,b).

The case of a general bounded A follows by continuity. O

Exercise 6.36. Justify the fact that Tr [f b(z)gf(z)d%z} = [ b(2) Te(AT(2))d?"=.
[Hint: pass to the kernels; alternatively use Proposition 9.19 in Chapter 9.

6.4 The Wigner—-Moyal Transform

In this section we study a very important device, the Wigner—Moyal transform.
It was introduced by WignerS [180] as a device allowing one to express quantum
mechanical expectation values in the same form as the averages of classical sta-
tistical mechanics (see formula (6.70); in a footnote he however reports that he
found the expression for the transform in collaboration with Szilard. Recognition
of the fundamental relationship between the Weyl pseudo-differential calculus and
the Wigner transform probably goes back to Moyal’s paper [127] — many years be-
fore mathematicians spoke about “Weyl calculus”! There are of course many good
introductory texts for this topic; a nice review can be found in Marchiolli’s paper
[118]. The subject has experienced an intense revival of interest both in pure and
applied mathematics during the last two decades; the Wigner—Moyal transform is
also being used as an important tool in signal analysis (time-frequency analysis);
see Grochenig [78] for a review of the state of the art. For applications to quan-
tum optics see for instance Schleich [142] or Simon et al. [153]. We will use it in
our treatment of phase-space quantum mechanics in Chapter 10 where it will be
instrumental in the derivation of the Schrédinger equation in phase space and for
the understanding of the meaning of the solutions to that equation.

6But he acknowledges previous (unpublished) work of L. Szilard.
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6.4.1 Definition and first properties

Consider, for 1, ¢ € S(R?), the tensor product Ky 4 = % ® ¢, that is
Ky.o(z,y) = ¥(2)d(y)

and let us ask what the associated Weyl operator /L,,qb looks like. In view of
formula (6.25) in Theorem 6.12 the symbol of that operator is

%ﬁumw:/eﬁ@MK;w+%%xf%>Wy

BN

= [ krua s st~ Ty,

The product of this function by (27h) ™ is, by definition, the Wigner—Moyal trans-
form of the pair (¢, ¢):

Definition 6.37. Let ¢, ¢ € S(RY).

(i) The symbol of the Weyl operator with kernel (2h)™ "¢ ® ¢ is called the
“Wigner—Moyal transform” W (¢, ¢) of the pair (¢, d):

W 0)E) = ()" [ F0 0+ dole — ). (650
(ii) The function W1p = W (1),) is called the “Wigner transform”” of v:

W) = ()" [ FO 0w+ )il — Ty (6.57)

Remark 6.38. In some texts one uses different normalizations; for instance the
factor (2h) ™% often appears instead of our (2rh)". Our choice is consistent
with the normalization of the symplectic Fourier transform (6.13).

The Wigner transform thus allows us to associate phase space functions to
functions defined on “configuration space” R7. It is thus an object of choice for
phase space quantization techniques, allowing the passage from representation-
dependent quantum mechanics to quantum mechanics in phase space.

The Wigner—Moyal transform can be expressed in a quasi-trivial way using
the Grossmann—Royer operators

T(z20)0h(x) = eFPoa=20)p (200 — ) (6.58)

introduced in Subsection 5.5.3 of Chapter 5:

Tt is sometimes called the “Wigner—Blokhintsev transform”.
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Proposition 6.39. The Wigner—Moyal transform of a pair (¢, $) of functions be-
longing to S(R?) is given by

W, )(2) = (75)" (T(2)%, ) 2z (6.59)
where T(z) is the Grossmann—Royer operator associated to z; hence in particular:

Wu(z) = (75)" (T2 %) 2. (6.60)
Proof. We have

(F o) gy = [ 0220 p(20 — 2o

Setting y = 2(xo — ) this is

(T(20), P)r2®n) = 27"/6*%@“’”1/)(1:0 + 2y)p(wo — 2y)d"x
= (mh)" W (¢, ¢)(20)
proving (6.59). O

Note that the Wigner—Moyal transform obviously exists for larger classes of
functions than those which are rapidly decreasing; in fact W (v, ¢) is defined for
all ¥, ¢ € L?(R?), as follows from the Cauchy—Schwarz inequality

W@, ) (2)] < ()" 1|2 l|6] L2 @)

which immediately follows from formula (6.59). More generally, it can be extended
to pairs of tempered distributions; to prove this we will establish an important
formula, called the Moyal identity in the mathematical and physical literature:

Proposition 6.40. The Wigner—Moyal transform is a bilinear mapping
W SR3) x S(Ry) — S(RY)
satisfying the “Moyal identity”
(W@, 8), W', ¢ ) r2men) = (525)" (0,9 ) r2@n) (6, &) 2R (6.61)
and hence extends to a bilinear mapping S’ (RY) xS’ (R?) — S'(R?). In particular
(W, W) pomeny = (555)" (¥, ¥) 2oy | (6.62)

Proof. The first statement is clear, and the last follows from (6.61) in view of the
density of S(R?) in &’(R?). Let us prove (6.61). Setting

2rh)*" A= (W (¥, ¢), W(W', &) r2men)
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we have

A= [[[ e ror vt s s )

X ¢(x — 59)¢' (x — 3y )d"yd"y'd"zd"p,
the integral in p is (2wh)"d(y — y') and hence
= ey [ [ wla+ 1T - 1)+ 30)o' @~ )y ds,
Setting u = x + %y and v=2x — —y we get
A= eaty [ @ [ 306 @

whence (6.61). O

For further use, let us compute the symplectic Fourier transform

Wo(¥,9) = FoW (1, )

of the Wigner—Moyal transform of the pair (¢, ¢); we will see that W, (¢, ¢) and
W (1, ¢) are essentially the same, up to scaling factors:

Lemma 6.41. Let ¢, ¢ € S(RY). We have

Wo (16, 6)(2) = (545)" / e HO (! + fa)ole - Jodn, (6.63)

that is
Wo (1, 0)(2) = 27" W (4, 6)(52)- (6.64)

Proof. Set F = F,W (1, ¢); by definition of F, and W (¥, ¢) we have

Wo (16, 0)(2) = (25
/// e+ () v D! 1 Ly)ola — Ty)drpdnady,

that is, calculating the integral in p’,

Wo (@, 0)(2) = () // v —y)e H Py + Ly)e(e — Ty)da'dy

. //e*%w (2 + La)o(@ — Toydna’

which is (6.63). Formula (6.64) follows. O

m\
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The Heisenberg—Weyl operators behave in a natural way with respect to the
Wigner transform:

Proposition 6.42. For every ¢ € L*(R?) and 29 € R2" we have
T(z0)Wep = W (T (20)1)). (6.65)
Proof. We have, by definition of T'(z0),

~

T(z0)0(z) = ex(Pom) =3 (p0.m0)) (32 — )

and hence
W(T(z0)) = (5%5)" / e PPN (5 — o + Jy)da — wo — y)d"y
which is precisely (6.65). O

6.4.2 Wigner transform and probability

One of the best-known — and most widely discussed — properties of the Wigner—
Moyal transform is the following. It shows that the Wigner transform has features
reminding us of those of a probability distribution:

Proposition 6.43. Assume that 1, ¢ € LY(R?) N L2(R?) and denote by F1) the
h-Fourier transform of ¥. The following properties hold:

(i) We have

[wwoEas=v@a@ ad [ W6 = For) Fow),
(6.66)
(ii) hence, in particular

[weeds=p@P md [ W= FoeP. @07
Proof. Let us prove the first formula (6.66). Noting that
[ remany =y s
we have

/ W (4, 6)(2)d"p

I
—
|-

2" [ ([ honas) v+ snat— iy

S(y)v(z + 3y)¢(z — sy)d"y
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as claimed. Let us prove the second formula (6.66). Setting 2/ = z + 3y and
¢’ =z — Ly in the right-hand of the equality

[wora = ()" [[[e Fo vt 3ot = Fayaa

we get

and we are done. O

It immediately follows from any of the two formulae (6.67) above that

[ Wt = [l Bamg) = 1F 1R (6.68)

If the function 7 is normalized: ||1/)||%2(Rﬁ) =1, then so is W (2):

/Wq/)(z)d”z =1 if ||1/)||2L2(R;) =L

If in addition W > 0 it would thus be a probability density. For this reason
the Wigner transform W1 of a normalized function is sometimes called a quasi-
probability density in the literature. In fact, we will prove in Section 8.5 of Chapter
8 (Proposition 8.47) that if ¢ is a Gaussian then W > 0. It is however the only
case for which in general W1 takes negative values:

Exercise 6.44. Assume that ¢ € S(RY) is odd: ¥(—z) = —1(x). Show that W
takes negative values [Hint: calculate W1 (0).]

The fact that the Wigner transform is pointwise positive only for Gaussians
was proved originally by Hudson [94], whose proof was generalized and commented
by Janssen [98]. We will however see that when we average W1 over “sufficiently
large” sets (in a sense to be defined), then we will always obtain a non-negative
function: this is the manifestation of the fact that the points of the quantum-
mechanical phase space are quantum-mechanically admissible sets.

Let us next prove a result due to Moyal and which allows us to express the
mathematical expectation of a Weyl operator in terms of the Wigner transform
and the Weyl symbol. In fact, formula (6.70) below shows that this expectation

is obtained by “averaging” the Weyl symbol a Nerl (viewed as a “classical
observable”) with respect to W1.
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Proposition 6.45. Let a Hey] A; we have, for all ¥, ¢ € S(R™),

(A, B) 12z = / W, ) ()a(z)d"z (6.69)

and, in particular

(A )y = [ Wiz, (6.70)
Proof. Let us write
W:/W(w,gb)a(z)d%z.

By definition of W (v, ¢) we have

= (z7) / / / TRV a()(a + Sy)ale — Ly)d yd ad"p,

that is, performing the change of variables u = x + %y, v=x— —y

= (z) // / Fer=g(L(u+ v), p)v(u)p(v)d ud vd"p,
that is W = (A, ¢) 2 (gn).- O

The following corollary of Proposition 6.45 is due to Moyal:

Corollary 6.46. Let a Y X and € L2(R?) be a normed function: ||¢||z2 = 1.
The mathematical expectation value of A in the state 1 is given by the formula

Ao = [awoEe s if ol =1, (6.71)

Proof. Tt is an immediate consequence of formula (6.70) taking into account defi-
nition (8.1) of the mathematical expectation value. O

This result is very important, both mathematically, and from the point of
view of the statistical interpretation of quantum mechanics. It shows again that the
vocation of the Wigner transform is probabilistic, since formula (6.71) expresses
the expectation value of the operator Aina given normalized state by averaging its
symbol against the Wigner transform of that state. This result, and the fact that
the quantities [ W4 (z)d"p and [ W1)(z)d"z indeed are probability densities have
led to metaphysical discussions about “negative probabilities”; see for instance
Feynman’s contribution in [88].
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6.4.3 On the range of the Wigner transform

It is clear that if we pick up an arbitrary function of z it will not in general be the
Wigner transform of some function of x. This is because the Wigner transform
is a symbol of a very particular type: the Schwartz kernel of the associated Weyl
operator is a tensor product. This of course puts strong limits on the range of
the Wigner transform. Here is another constraint: it immediately follows from the
Cauchy—Schwarz inequality that we have the bound

(W@, 0)(2)] < (535) " 19|z @) |6l 22 Rz (6.72)
for 1, ¢ in L?(R?); in particular
W) < (25) " 191122y (6.73)

These inequalities show that a function cannot be the Wigner—Moyal or Wigner
transform of functions ¢, ¢ € L?(R?) if it is too large in some points.

Let us discuss a little bit more in detail the question of the invertibility of
the Wigner transform. We begin by noting that both ¢ and ‘¢ (a € R) have
the same Wigner transform, as immediately follows from the definition of W1.
Conversely: if ¥, ¢’ € S(R?) then

Wi =Wy <= b=y | |a|=1. (6.74)
Indeed, for fixed x set

fly) ==+ %y)ﬂ_( - % ),

') = (@ + 3y)¢' (= — 3y);

the equality W1 = W1’ is then equivalent to the equality of the Fourier transforms
of f and f’ and hence

Uz + ty)d(z — ty) = (2 + 39/ (z — Ly)

for all z,y; taking y = 0 we get ||? = |1'|? which proves (6.74).
Let us now show how the Wigner transform can be inverted; this will give us
some valuable information on its range.

Proposition 6.47. Let 1) € L*(R?) and a € R? be such that ¥(a) # 0

(i) Then
1 i
P(z) = /eﬁw—@ W ((z + a),p)d"p. (6.75)
¥(a)
(ii) Conversely, a function W € L?(R?) is the Wigner transform of some 1 €
L2(R?) if and only if there exist functions A and X such that

[0 NWG + a) P = A@)X @), (6.76)



6.4. The Wigner—Moyal Transform 193

(iii) When this is the case we have

_ et OW (G (@ + a), p)d"p

w(fﬂ) 1/2
(f W(a,p)dnp)"

(6.77)

for every a € RY such that [ W(a,p)d"p # 0.
Proof. (i) For fixed x the formula
Wien) = ()" [ 00 + Jo)ile— Ty

shows that the function p — (27h)™/2W4)(z,p) is the Fourier transform of the
function y — (z + $y)v(z — y); it follows that

vla+ 30— 5 = [ FOI WG pdp,
Setting y = 2(z — a) in the formula above we get

v(2e - i@ = [ RO Wt 'y

and (6.75) follows replacing 2z — a by x.

(ii) Assume that there exists 1 such that

o) = L e (e a). p)d e
() W/ W(k(z + a), p)d"p;

then the right-hand side must be independent of the choice of a and hence

[eHor WG+ a).pde = @)

so that (6.76) holds with A = 1) and B = 1. Suppose that, conversely, we can find
A and B such that (6.76) holds. Setting 2 = a we get

/ W (a, p)d"p = A()X(a)

whence (6.77). O






Chapter 7

The Metaplectic Group

As we have seen, the symplectic group has connected covering groups Spq(n) of all
orders ¢ = 1,2,...,00. It turns out that the two-fold covering group Sp,(n) is par-
ticularly interesting in quantum mechanics, because it can be faithfully represented
by a group of unitary operators acting on L2(R?) (or on L?(R2")): this group is
the metaplectic group Mp(n). It is thus characterized, up to an isomorphism, by
the exactness of the sequence

0 — {£I} — Mp(n) — Sp(n) — 0.

The importance of Mp(n) in quantum mechanics not only comes from the
fact that it intervenes in various symplectic covariance properties, but also be-
cause every continuously differentiable path in Mp(n) passing through the identity
is the propagator for the Schrédinger equation associated by the Weyl correspon-
dence to a quadratic Hamiltonian (which is usually time-dependent). In that sense
the metaplectic representation of the symplectic group is the shortest and easiest
bridge between classical and quantum mechanics.

The metaplectic group has a rather long history, and is a subject of interest
both for mathematicians and physicists. The germ of the idea of the metaplectic
representation is found in van Hove [169]. It then appears in the work of Segal [147],
Shale [149] who observed that the metaplectic representation should be looked
upon as an analogue of the spin representation of the orthogonal group. Weil [176]
(in a more general setting) elaborated on Siegel’s work in number theory; also
see the work of Igusa [95] on theta functions. The theory has been subsequently
developed by many authors, for instance Buslaev [19], Maslov [119], Leray [107],
and the author [56, 58, 61]. The denomination “quadratic Fourier transform” we
are using in this book appears in Gaveau et al. [45]. For different presentations of
the metaplectic group see Folland [42] and Wallach [175]. The first to consider the
Maslov index on Mp(n) was apparently Maslov himself [119]; the general definition
we are giving here is due to the author [56, 58, 61]; we will see that it is closely
related to the ALM index studied in Chapter 3.
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7.1 Definition and Properties of Mp(n)

We begin by defining the structure of Mp(n) as a group; that it actually is a
connected two-fold covering of Sp(n) will be established in Subsection 7.1.2.

7.1.1 Quadratic Fourier transforms
We have seen in Chapter 2, Subsection 2.2.3, that the symplectic group Sp(n) is

generated by the free symplectic matrices

A B
S:[C D]eSp(n) , detB#0.

To each such matrix we associated the generating function

W(z,2')=4(DB '2,2) — (B 'z,2'y + $ (B ' Az’,2)
and we showed that

(x,p) = S(2',p) <= p=0.W(x,2') , p = =0 W(z,2').
Conversely, to every polynomial of the type

W(z,x') = %(P:z:,:z:} —{(Lz,2") + %(Qz’,x’) (7.1)
with P=PT |, Q=QT , and detL #0

we can associate a free symplectic matrix, namely
L7'Q Lt

. 7.2
PL-'Q- LT L-'P (72)

Sw =

We now associate an operator §W7m to every Sy by setting, for f € S(R?),
q n/2 i x,x’ m
S f (1) = (55)" A(W)/e W) f (o) da (7.3)
here argi = 7/2 and the factor A(W) is defined by

A(W) = i™/[det L|; (7.4)

the integer m corresponds to a choice of argdet L:
mm = argdet L  mod 2. (7.5)

Notice that we can rewrite definition (7.3) in the form
[ _(A\N/2 —iT\H W (z,a') p( I\ gn
Swnf (@) = (5=)""" (e7"5)"AW) [ e f(@Hd x (7.6)

where

= 2m —n. (7.7)
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Definition 7.1.
(i) The operator §W,m is called a “quadratic Fourier transform” associated to
the free symplectic matrix Sy .
(ii) The class modulo 4 of the integer m is called the “Maslov index” of §W,m.

The quadratic Fourier transform corresponding to the choices Sy = J and
m = 0 is denoted by J.

The generating function of J being simply W (z,2’) = — (z,2'), it follows that

Ti@) = ()" [ e ganst =i g ) (7.5)

for f € S(RZ); F is the usual Fourler transform. It follows from the Fourier
inversion formula that the inverse J ! of J is given by the formula

@) = ()" [ e faas = 2 ),

Note that the identity operator cannot be represented by an operator §W7m
since it is not a free symplectic matrix.

Of course, if m is one choice of Maslov index, then m + 2 is another equally
good choice: to each function W formula (7.3) associates not one but two operators
SWm and SWm+2 = fSWm (this reflects the fact that the operators SWm are
elements of the two-fold covering group of Sp(n)).

Let us define operators V. p and M, L.m Dy

Vopf(a) =e2P2 f(2) | Mynf(z) =i"/|det LI f(Lz).  (7.9)
We have the following useful factorization result:
Proposition 7.2. Let W be the quadratic form (7.1).
(i) We have the factorization

Swim = ?fpj/\ZL,mj‘A/fQ; (7.10)

(ii) The operators §W,m extend to unitary operators L?(R?) — L*(R?) and the

inverse of Sw,m 18
§V_V1m = §W*,m* with W*(z,2') = -W(z',2) , m* =n—m. (7.11)
Proof. (i) By definition of J we have
Jf(x) =i "?Ff(z) = (ﬁ)”ﬂ/e‘“””f(x’)dw;
the factorization (7.10) immediately follows, noting that

Mpmdf(z) = (ﬁ)”/2 i™+/]det L] /e—i<w»w’>f(a:')d”x’.
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(ii) The operators V_p and M r,m are trivially unitary, and so is the modified
Fourier transform J; (ii) We obviously have

~ o~

(V7P)71 = ‘713 and (]/\IL)m)il =My _,,

and J—! is given by

Writing

and noting that
T o) = ()" TR [ o)
= ()" i Ta ] [ T e
= M_pr 0 f (@),
the inversion formulas (7.11) follow. O

It follows from the proposition above that the operators §W,m form a sub-
set, closed under the operation of inversion, of the group U(L?(R?)) of unitary
operators acting on L?(R?). They thus generate a subgroup of that group.

Definition 7.3. The subgroup of U(L?(R?)) generated by the quadratic Fourier
transforms Sy, is called the “metaplectic group Mp(n)”. The elements of Mp(n)
are called “metaplectic operators”.

Every S e Mp(n) is thus, by definition, a product §W1,m1 ‘/S\Wk»mk of
metaplectic operators associated to free symplectic matrices.

We will use the following result which considerably simplifies many arguments
(¢f. Proposition 2.36, Subsection 2.2.3, Chapter 2):

Lemma 7.4. Every Se Mp(n) can be written as a product of exactly two quadratic
Fourier transforms: S = Sw.mSw’.m . (Such a factorization is, however, never
unique: for instance I = Syw,mSw= m= for every generating function W.)

We will not prove this here, and refer to Leray [107], Ch. 1, or de Gosson [61].

Exercise 7.5. Show that quadratic Fourier transform §W,m cannot be a local oper-

ator (a local operator on &' (R") is an operator S such that Supp(Sf) C Supp(f)
for f € S'(R?)).
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7.1.2 The projection 7P : Mp(n) — Sp(n)

We are going to show that Mp(n) is a double covering of the symplectic group
Sp(n) and hence a faithful representation of Sp,y(n).

We will denote the elements of the dual (R2")* of R?" by a, b, etc. Thus
a(z) = a(z,p) is the value of the linear form a° at the point z = (x, p).

To every a we associate a first order linear partial differential operator A
obtained by formally replacing p in a(x,p) by D,:

A=a(x,D,;) , Dy = —i0y;

thus, if
a(z,p) = (o, ) + (3,p)
for a = (a1,...,an), B=(P1,...,0,) in R™, then

A= (a,x) + (B, Ds) = (@, 2) =i (B, 0r) . (7.12)

Obviously the sum of two operators of the type above is an operator of the same
type, and so is the product of such an operator by a scalar. It follows that these
operators form a 2n-dimensional vector space, which we denote by Diff(*) (n).

The vector spaces R2", (R2")* and Diff ™! (n) are isomorphic since they all
have the same dimension 2n. The following result explicitly describes three canon-
ical isomorphisms between these spaces:

Lemma 7.6.
(i) The linear mappings

e1: R — (R2M)* | p1:20— a,

©s: (R2")* — Dif Y (n) |, ¢o:iar— A

where a is the unique linear form on R?"™ such that a(z) = o(z,z0) are iso-
morphisms, hence so is their compose ¢ :

p =201 : RZ" — Diff M (n);
the latter associates to zg = (xo,po) the operator
A = ¢(20) = (po, ) — (0, D) -
(i) Let [A, B] = AB — BA be the commutator of A, B € Diff V) (n); we have
[p(21), p(22)] = —io (21, 22) (7.13)

for all z1, 20 € RE".
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Proof. (i) The vector spaces R2", (R27)* and Diff ™™ (n) having the same dimen-
sion, it suffices to show that ker(¢1) and ker(ps) are zero. Now, ¢1(z9) = 0 is
equivalent to the condition o(z,29) = 0 for all z, and hence to zg = 0 since a
symplectic form non-degenerate. If ¢2(a) = 0 then

Af =pa(a)f =0 forall feSRY)
which implies A = 0 and thus a = 0.
(ii) Let 21 = (z1,p1), 22 = (x2,p2). We have
p(21) = (pr,2) = (@1, D2) 5 p(22) = (p2, @) — (2, Dy)

and hence
[p(21), p(22)] = i({x1,p2) — (T2,D1))
which is precisely (7.13). O

We are next going to show that the metaplectic group Mp(n) acts by conju-
gation on Diff M (n). This will allow us to explicitly construct a covering mapping
Mp(n) — Sp(n).

Lemma 7.7. For z = (x0,po) € R2" define A € DiffM (n) by
A= p(20) = (po, ) = (0, Do) -

(i) Let {J, ]T/.T\Lm, Vp} be the set of generators of Mp(n) defined in Proposition

7.2. We have:
JAT ™' = (~x0,2) — (po, Da) = (J 20), (7.14)
]/\ZL,mA(ML,m)71 = <LTPO,I> — (L7 'z9,D;) = p(Mpz), (7.15)
Ve A(Vp)™" = (po + Pz, z) — (0, Dy) = ¢(Vpzp). (7.16)

(ii) If A € Dif Y (n) and S € Mp(n), then SAS—! € Diff V) (n).
(iii) For every S € Mp(n) the mapping
®g : Diff "V (n) — Dif Y (n) , A+ SAS!
is a vector space automorphism.

Proof. (i) Using the properties of the Fourier transform, it is immediate to verify
that:
(w0 Ds, f) = T (o, ) If , (po,a) f = =T (po, Da) f

for f € S(R™), hence (7.14). To prove (7.15) it suffices to remark that

My, (pos ) (M) "L f(2) = (po, Lz) f(x)
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and
My, (20, D) (Mg )~ f(2) = 2(L~Y)T D, f ().

Let us prove formula (7.16). Recalling that by definition
Vopf(x) = ex 00 f(2)

we have, since P is symmetric,

hence

which is (7.16).

Property (ii) immediately follows since Sisa product of operators j, M, Loms Vp.
(iii) The mapping ®z is trivially a linear mapping Diﬂ(l)(n) — Diff(l)(n). If
B = §A57! € Diff M (n), then we have also A = S~'BS e Diff'Y(n) since
A= S"1B(S71)7! It follows that ®g is surjective and hence bijective. O

Since the operators j, M Lms Vp generate Mp(n) the lemma above shows
that for every S € Mp(n) there exists a linear automorphism S of R?" such that
Ps(A) = @o S, that is

P5(p(20)) = ¢(Sz0). (7.17)

Let us show that the automorphism S preserves the symplectic form. For z, 2’ €
R2" we have, in view of (7.13),

hence S € Sp(n) as claimed.

This result allows us to define a natural projection

-~

aMP . Mp(n) — Sp(n) , 7P : S5+ S;

it is the mapping which to S € Mp(n) associates the element S € Sp(n) defined
by (7.17), that is
S=¢ 050 (7.18)

That this mapping is a covering mapping follows from:
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Proposition 7.8.
(i) The mapping ™ is a continuous group epimorphism of Mp(n) onto Sp(n)

such that:
™M)=, TMP(My ) =My, 7MP(Vp) =V (7.19)
and hence

TMP(Sm) = Sw. (7.20)
(ii) We have ker(7™MP) = {—I,+1}; hence 7P : Mp(n) — Sp(n) is a twofold

covering of the symplectic group.

Proof. (i) Let us first show that 7MP is a group homomorphism. In view of the
obvious identity <I>§<I>§, = @gg, we have

wMP(58) = ¢ g0

= (¢ ' Pgp) (¢ ' D5 0)
= WMP(S)TFMP(S ).

Let us next prove that 7P is surjective. We have seen in Chapter 2 (Corollary
2.40 of Proposition 2.39) that the matrices J, My, and Vp generate Sp(n) when
L and P range over, respectively, the invertible and symmetric real matrices of
order n. It is thus sufficient to show that formulae (7.19) hold. Now, using (7.14),
(7.15), and (7.16) we have

PPy =T, pln @7l =My, ¢y ¢7 = Vp,

hence (7.19). Formula (7.20) follows since every quadratic Fourier transform §W7m
can be factorized as R L
Swom =V_pMr mJV_q

in view of Proposition 7.2 above. To establish the continuity of the mapping 7P
we first remark that the isomorphism ¢ : R?" — Diff(l)(n) defined in Lemma 7.6
is trivially continuous, and so is its inverse. Since ® 5 33 = =0 §<I> g it suffices to show
that for every A € lef(l)( ), fs(A) has A as limit when S — I in Mp(n). Now,
Mp(n) is a group of continuous automorphisms of S(R™) hence, when ST , then
S=1f — f for every f € S(R"), that is AS~1f — Af and also SAS~'f — f.

(ii) Suppose that <p_1<I>Ag0 = I. Then SAS~! = A for every A € Diff " (n) and
this is only poss1b1e if S is multiplication by a constant ¢ with |¢| = 1 (see Exercise
below); thus ker(7™P) c $*. In view of Lemma 7.4 we have S = Sy.mSw.ms
for some choice of (W,m) and (W’,m’) hence the condition S € ker(7™P) is
equivalent to

§W’,m’ = C(S’\W,m)il = C§W*,m*

which is only possible if ¢ = £1, hence S = %7 as claimed. |
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Exercise 7.9. Let S € Mp(n). Prove that SAS—! = A for every A € Diff™V(n) if
and only if there exists ¢ € S! such that Sf = cf for all f € S(R?). [Hint: consider
the special cases A = (xg, D), A = (po,x).]

It is useful to have a parameter-dependent version of Mp(n); in the appli-
cations to quantum mechanics that parameter is s, Planck’s constant h divided
by 2.

The main observation is that a covering group can be “realized” in many
different ways. Instead of choosing 7P as a projection, we could as well have
chosen any other mapping Mp(n) — Sp(n) obtained from 7P by composing it
on the left with an inner automorphism of Mp(n), or on the right with an inner
automorphism of Sp(n), or both. The point is here that the diagram

Mp(n) —~ Mp(n)

’
aMp [ J aMp

Sp(n) —> Sp(n)

is commutative: #MP o F = G o 7MP_ because for all such 7'MP we will have
Ker(7’'MP) = {£ I} and
7P Mp(n) — Sp(n)

will then be also be a covering mapping. We find it particularly convenient to
define a new projection as follows. Set My = Myr o for A > 0, that is

My f(a) = XV2f () f € LA(RY)
and denote by M) the projection of ﬁ)\ on Sp(n):
My(x,p) = (AL, Ap).
We have M), € Mp(n) and M) € Sp(n). For § € Mp(n) we define 5" € Mp(n) by
S"=M,, z5M . (7.21)
The projection of S* on Sp(n) is then given by:
M (Sh) = S" = M, , 5SM .
We now define the new projection
P Mp(n) — Sp(n)

by the formula R N
7_‘_Mp h(Sh) _ M\/ﬁ(TPMp(Sh))Ml/\/ﬁ
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which is of course equivalent to
aMP" (Ghy = 7MP ().

Suppose for instance that S = §W7m; it is easily checked, using the fact that
W is homogeneous of degree 2 in (x, ), that

Sl (@) = ()" AW) [ RV v

or, equivalently,

§€LV,m = h_n/2§W/h,m .
Also,

aq — i \n/2 * LW*(x,x m
Blin) 1) = ()" A0V) [ bW e piat) v
The projection of §{}Vm on Sp(n) is the free matrix Sy :

Exercise 7.10. Show that if 2 and A’ are two positive numbers, then we have

L py
SW)m - M /h,/hSW)mM /h/h,
(i.e., Mp”(n) and Mphl (n) are equivalent representations of the metaplectic group).

Remark 7.11. The metaplectic group Mp(n) is not an irreducible representation
of the double covering group Spy(n) (see Folland [42], p. 194, for a proof).

In what follows we will use the following convention, notation, and terminol-
ogy which is consistent with quantum mechanics:

Notation 7.12. The projection Mp(n) — Sp(n) will always assumed to be the
homomorphism
h
mMP": Mp(n) — Sp(n)

and we will drop all the superscripts referring to h: we will write 7MP for 7 Ph,
SWm for SWm and S for S". The functions on which these i-dependent meta-
plectic operators are applied will be denoted by Greek letters v, 1/, etc.

7.1.3 Metaplectic covariance of Weyl calculus

The phase space translation operators T'(zg) satisfy the intertwining formula
ST(20)S~t = T(Sz) for every S € Sp(n). It is perhaps not so surprising that
we have a similar formula at the operator level. Let us show that this is indeed the
case. This property, the “metaplectic covariance of Weyl pseudo-differential opera-
tors” is one of the hallmarks of the version of quantum mechanics we are studying
in this book. Recall that T'(z9) and T'(z¢) are, respectively, the Heisenberg—Weyl
and Royer—Grossmann operators.
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Theorem 7.13. Let S € Mp(n) and S = 7MP(S).
(i) We have

~

ST(20)S™ 1 =T(Sz) , ST(20)5 ' = T(Sz) (7.23)
for every zo € R?".
(ii) For every Weyl operator A 4 we have the correspondence

aos Y G-143. (7.24)

Proof. (i) To prove the first formula (7.23) it is sufficient to assume that S is a

quadratic Fourier transform Sy, since these generate Mp(n). Suppose indeed we
have shown that R R R R

Writing an arbitrary element S of Mp(n) as a product Sw,mSw m’ we have

T(Sz0) = Swm (Swr i T(20) S5 1) St
— S (Swz0) S,
= T(Sw Sw20)
= Swm S T (20) (Swm S ) ™!
= 5T(20)57!
and the case of a general S € Mp(n) follows by induction on the number of terms

(the argument above actually already proves (7.23) in view of (7.4)). Let us thus
prove (7.25); equivalently:

T(20)Swim = SwmT (Si 20). (7.26)

For ¢ € S(RY) set L
g(x) = T(20)Sw,m¥(x).

By definition of a §W,m and T (zo) we have

g(r) = (27r1m)n/2A(W)€_ﬁ<p°’””°> /e%(W(w_wo’ml)ﬂpo’m»1/1(96/)d"x’.

In view of formula (2.45) in Proposition 2.37 (Subsection 2.2.3), the function
Wo(z,2') = W(x — z0,2") + (po, x) (7.27)

is a generating function of the free affine symplectomorphism T'(zp) o S, hence we
have just shown that

~

T(20)Swm = TR PTGy (7.28)
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where §W0,m is one of the metaplectic operators associated to Wy. Let us now set
h(x) = SwmT (St 20)t(x) and (x,p)) = Syt (@0, po);
we have
h(z) = (52 )n/zA(W) emW(@e") e =2 (Po,20) o 1 (P02 V(2 — )Y d™a!

2mih

that is, performing the change of variables 2’ — ' + zf, :

h(z) = (27\'1ih)n/2 AW) B%W(I’x,+x6)€%<p6’x6>€%<p6’zl>1/)($/) d"a’.

We will thus have h(z) = g(z) as claimed, if we show that
Wz, o' + x0) + (0, 0) + (P, ') = Wo(z, 2") — L(po, x0),
that is
Wz, 2’ +xp) + % (po, o) + (pg, ') = W(x — x0,2") + (po, ) — % (po, o) -
Replacing x by x + x¢ this amounts to proving that
W (x + 20, 2" + ) + 5 (P, 20) + (ph, 2') = W(2,2') + 5 {po, 0) + (po, ) -

But this equality immediately follows from Proposition 2.37 and its Corollary 2.38.
To prove the second formula (7.23) recall (Proposition 5.52, Subsection 5.5.3 of
Chapter 5) that we have

~ ~ ~

T(z0) = T(20)T(0)T (20) "

It follows that _ R o N
T(Sz0) = ST (20)(S™'T(0)S)T(20) 'S~ .

We claim that S~17(0)S = T(0). It suffices of course to prove this when § = §W,m.
For ¢ € S(R?) we have

T(0)Swmto(x) = (2)"> AW) [ W= )y(a) dra

and hence

the second formula (7.23).
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Let us now prove part (ii) of the theorem. In view of formula (6.23) in Theorem
6.12 we have

(ao SV = /ag(Sz)f(z)d%z

where (a o S)" is the Weyl operator associated to the symbol a o S, that is,
performing the change of variables Sz — z and taking into account the fact that
det S =1,

(ao0S)” = / ao(2)T(S 2)d* 2.

By formula (7.23) in Theorem 7.13 we have S~17(2)S = T(S~'%) and hence

(ao8)” = / 00 ()81 ()82 = G ( / ag(z)f(z)dQ”z) g
which is (7.24). O

As a straightforward consequence of Theorem 7.13 we obtain the so-called
metaplectic covariance formula for the Wigner-Moyal (and Wigner) transform:

Proposition 7.14. Let ¢, ¢ € S(R?) and Se Mp(n); we denote by S the projection
of S on Sp(n). We have

W (S, S)(z) = W (1, $)(S'2) (7.29)

and hence in particular

W (Sy)(z) = Wap(S1z). (7.30)
Proof. In view of formula (6.69) in Proposition 6.45 we have, since S is unitary,
/ W (S, 89)a(2)d*"z = (ASY, 5) L2(zn) = (57 ASY, §) 2 (zy)-
In view of (7.24) we have
(57180 0)nesy = [ W 9)E)ao S)()s
— [Ww.os DaEEns,

which establishes (7.29) since 1) and ¢ are arbitrary; (7.30) trivially follows taking
Y=o O
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7.2 The Metaplectic Algebra

Let H be some Hamiltonian function and # ©% H the corresponding Weyl

operator. The associated Schrodinger equation is by definition
ihopp = Hip

where v is a function (or distribution) in the z, ¢ variables. For arbitrary H this
equation is difficult to solve explicitly; it turns out, however, that when H is a
quadratic form in z, then the solutions can be expressed using metaplectic opera-
tors. To prove this remarkable fact we will have to identify the Lie algebra of the
metaplectic group.

7.2.1 Quadratic Hamiltonians

Let us begin by shortly discussing the properties of quadratic Hamiltonians. Quad-
ratic Hamiltonians intervene in many parts of classical (and quantum) mechanics,
for instance in the study of motion near equilibrium (see Cushman and Bates
[27] for a thorough study of some specific examples), or for the calculation of the
energy spectrum of an electron in a uniform magnetic field.

Let H be a homogeneous polynomial in z € R?" and with coefficients de-
pending on t € R:

H(z,t) = L (H"(t)z,2) (7.31)

[N

(H"(t) = D?H(z,t) is the Hessian of H

~—

; the associated Hamilton equations are
2(t) = JH"(t)(2(t)). (7.32)

Recall the following notation: (Stlﬁ/) is the time-dependent flow determined by H,
that is if ¢ — 2z(t) is the solution of (7.32) with z(¢') = 2’ then

2(t) = SIL(2)). (7.33)

We will set Sf, = Sf. Assume that H does not depend on #; then (S/) is the
one-parameter subgroup of Sp(n) given by

GH _ tJH"
i = .
Conversely, if (S;) is an arbitrary one-parameter subgroup of Sp(n), then S; =

e!X for some X € sp(n) and we have (S;) = (Sf!) where H is the quadratic
Hamiltonian

H(z)=—-3(JXz,z). (7.34)

The following elementary result is useful:
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Lemma 7.15. Let H and K be two quadratic Hamiltonians associated by (7.34) to
X,Y € sp(n). The Poisson bracket {H, K} is the quadratic Hamiltonian given by

{H,K}(z) = —5 (J[X,Y]z,2)

1
2
where [X,Y] = XY - Y X.

Proof. We have

{H, K}(2) = —0(Xu(2), Xk (2))
=—0(Xz2,Yz)
=—(JXzYz)
=—(YTJXz,z).

Now
(YTIXz,2)y=3((YTIX - X"JY)z,z),

that is, since Y7.J and X7'J are symmetric,
(YTJX2,2)=-2(J(YX - XY)z,z)

whence

{H,K}(z) = L (J(YX = XY)z, 2)

which we set out to prove. O

7.2.2 The Schrodinger equation

The metaplectic group Mp(n) is a covering group of Sp(n); it follows from the
general theory of Lie groups that the Lie algebra mp(n) of Mp(n) is isomorphic to
sp(n) (the Lie algebra of Sp(n)). We are going to construct explicitly an isomor-
phism F': sp(n) — mp(n) making the diagram

mp(n) “—  sp(n)
exp | ] exp (7.35)
Mp(n) — Sp(n)

nMp
commutative.
In Chapter 2, Subsection 2.1.3, we called sp(n) the “symplectic algebra”; we
will call mp(n) the “metaplectic algebra”. For an approach using the beautiful

and important notion of symplectic Clifford algebra see Crumeyrolle [26] and the
monograph by Habermann and Habermann [87].
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Theorem 7.16.
(i) The linear mapping F which to X € sp(n) associates the anti-Hermitian
operator F(X) = ,%ﬁ where H Y H with H given by (7.34) is injective,
and we have

[F(X), F(X")] = F([X, X"]) (7.36)
for all X, X' € sp(n);
(ii) The image F(sp(n)) of F is the metaplectic algebra mp(n).
Proof. 1t is clear that the mapping F' is linear and injective. Consider the matrices
X = [A(;k gjlj , Vi = % {8 AjkgAkj} ;
0 0

1
L= < ji<k<
Z]k 2 |:Ajk+Akj O] <1_]_k_n)

with 1 the only non-vanishing entry at the jth row and kth column; these matrices
form a basis of sp(n) (see Exercise 2.17). For notational simplicity we will assume
that n =1 and set X = X171, Y = Y11, Z2 = Z11:

1 0 0 1 0 0
=l A=l o o=
the case of general n is studied in an exactly similar way. To the matrices X, Y,
Z correspond via formula (7.34) the Hamiltonians

Hx =px, Hy = %p2, Hz = f%:r2.
The operators Hx = F(X), Hy = F(Y), H; = F(Z) form a basis of the vector
space F(sp(1)); they are given by
Hx = —ihzd, — Yih , Hy = —11%0% | Hy = —1a2.

Let us show that formula (7.36) holds. In view of the linearity of F' it is sufficient
to check that

[Hx,Hx] = Hixy),

[Hx,Hz) = Hix 7,

[Hy, Hz) = ﬁ[Y,Z]-

We have thus proved that F' is a Lie algebra isomorphism. To show that F(sp(1)) =
mp(1) it is thus sufficient to check that the one-parameter groups

t— U, = e~ nHXT

St
jasi)

tl—>Vt:67 Hyt,

S

/iA
t— W, = e nilz!
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are subgroups of Mp(1). Let ¢ € S(R) and set ¢(x,t) = Ugtho(x). The function
1) is the unique solution of the Cauchy problem

ihd = —(ihad, + Yy, ¥(-.0) = t.

A straightforward calculation (using for instance the method of characteristics)
yields
(x,t) = e 2o (e )

hence the group (U;) is given by Uy = J/\/TL(t),O where L(t) = et and we thus have
U; € Mp(1) for all ¢. Leaving the detailed calculations to the reader one similarly
verifies that

e Y e e
Weta) = exp (- 55* ) o),

so that V; is a quadratic Fourier transform corresponding to the generating func-
tion W = (z—1')?/2t and W, is the operator V_,s; in both cases we have operators
belonging to Mp(1). O

We leave it to the reader to check that the diagram (7.35) is commutative.

Exercise 7.17. Show that exp oF'~! = 7MP o exp where exp is a collective notation
for the exponential mappings mp(n) — Mp(n) and sp(n) — Sp(n) [Use the
generators of mp(n) and sp(n).]

Let us apply the result above to the Schrodinger equation associated to a
quadratic Hamiltonian (7.31). Since Mp(n) covers Sp(n) it follows from the unique
path lifting theorem from the theory of covering manifolds that we can lift the path
t— Sf = SH in a unique way into a path ¢t — S in Mp(n) such that ST = I.
Let 99 € S(R?) and set

(e, t) = Sunla).

It turns out that v satisfies Schrédinger’s equation

ihdpp = Hp
where H is the Weyl operator Y . The following two exercises will be used
in the proof of this property:
Exercise 7.18. Verify that the operator His given by
h2
2
where Tr(Hp;) is the trace of the matrix Hp,.

~ 1 ;
H = = (Hyp0s. 0y) = ih (Hyow, 0y) + 5 (Hoatt, ) — Tr(H,)  (7.37)

2
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Exercise 7.19. Let H M H

nians (7.31). Show that

K ¥ K where H and K are quadratic Hamilto-

)

[H, K] = ih{H, K} = —iho (X, X)

where {-,-} is the Poisson bracket (5.38). (You might want to use the previous
Exercise.)

Let us now show that ¢ = §t¢0 is a solution of Schrodinger’s equation:

Corollary 7.20. Let t — S, be the lift to Mp(n) of the flow t — SH. For every
o € S(RY) the function ¢ defined by ¢(z,t) = §t1/)0(x) is a solution of the partial
differential equation R

ihopp = Hp , 4(-,0) = o

=5 Weyl
where H «— H.

Proof. We have
1

o =i o, |

(§At - I):| ‘/S’\twO?

hence it suffices to show that

Jim [ﬁ(éﬁt - I)] f=0y

for every function f € S(R?). But this equality is an immediate consequence of
Theorem 7.16. |

For applications see M. Brown’s thesis [16] where the relation of Mp(n) with
the Bohmian approach to quantum mechanics is studied in detail, and applied to
various physical problems.

7.2.3 The action of Mp(n) on Gaussians: dynamical approach

Let us study the action of metaplectic operators on general Gaussian functions
centered at some point zg = (xg, po). For the calculations that will be involved we
find it convenient to write such a Gaussian in the form

Wo(x) = e P00 fo (L (2 — a9)) (7.38)
where fy is a complex exponential:
folz) = ez™Mom®) npo— MT | Tm M, > 0. (7.39)

Since every S € Mp(n) is the product of operators (7.9) and of Fourier
transforms, one can in principle calculate Sty using formula (8.30) giving the
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Fourier transform of a complex Gaussian. This “frontal attack” approach (which
we encourage the reader to try!) however leads to some cumbersome calculations,
and has a tendency to hide the dynamical interpretation of the final result. We
therefore prefer to use what we have learnt about the relationship between the
metaplectic group and Schrédinger’s equation. The idea is the following: every
S € Mp(n) can be joined by a path

t— S, eMp(n), So=1, 8 =28

and the function (z,t) — §t1/120, M, () is the solution of the Cauchy problem

Zh%_:/; = ﬁw ) ¢(a0) = 1z, Mo (740)

where H is the quadratic Hamiltonian whose flow (SH) is the projection on Sp(n)
of the path t — §t. (This follows from the one-to-one correspondence between
one-parameter families in Sp(n) and Mp(n) established in the previous subsec-
tions.)

We will denote by H,,, Hzp, etc. the matrices of second derivatives of H
with respect to the variables appearing in subscript; the Hessian matrix of H is
thus

H// — |:H;E;E pr

T _
Hpy, pr} 7 HIP_HW.

Theorem 7.21. Let ¢y be the Gaussian (7.38); the function 1y = §t1/)0 is given by
the formula ‘

Yi(z) = eﬁ(q)(zo’t)ﬂpt’zizt»f(%(17 —xy),t) (7.41)
where t — 2z = (x4, pt) is the solution of Hamilton’s equations for H with initial
condition zg = (zo, po),

zt,t

Z(),O

1s the action integral, and

f(z,t) = a(t)ez MO
with
1 t
) =esp |- [[ a0 (7.43)
and M(t) = X (#)Y (t)~! where the matrices X (t) and Y (t) are calculated as fol-

lows: find Xo and Yy such that My = XoYy '; then X = X(t) and Y = Y (t) are
given by

[ﬂ =5 [ﬂ » X(0)=Xo, Y(0)=Yo (7.44)

where (SH) is the linear symplectic (time-dependent) flow determined by the quad-
ratic Hamiltonian H.
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Proof. (Cf. [128], §2.1, for computational details). Making the Ansatz
la,1) = eh (PEOHPm2) f( o (z — 1), 1),

one finds after insertion in equation (7.40) that ®(zo,t) is indeed the action (7.42)
calculated along the Hamiltonian trajectory t — (x4, p¢) starting from (zq, po) at
time ¢ = 0, and that f(-,t) is given by

Fla,t) = a)ez™MOma) Ar)T = M(t) , Im M(t) > 0

where the functions ¢ — a(t) and ¢t — M(t) are solutions of the system of
coupled first-order differential equations

a+ 3Tr(HypM)a =0 (7.45)
and )

M+ Hyp + MH,y, + HypyM + M7 H,, M =0 (7.46)
with initial conditions M (0) = My, a(0) = 1. The equation (7.46) is recognized to
be a matrix Riccati equation; setting M = XY ! we have

M=XY '-Xylvyx'
since M = M7, insertion shows that the matrices X and Y satisfy the equations

X + HppY + Hpp X =0,
Y - H,,Y — HppyX =0

d [X] _ 0 [X

it v] =[]
hence (7.44) (we leave it to the reader to check that M = XY ! only depends
on Mj). One verifies by a straightforward computation that the matrix M =
XY ! thus obtained indeed is symmetric, and one finally solves the equation
(7.46) explicitly, which yields (7.43). O

or, equivalently,

Note that the “center” of the Gaussian v; follows the Hamiltonian trajectory
determined by the quadratic function H; this typical behavior, well-known in
quantum mechanics, is related to Ehrenfest’s theorem on average values (see for
instance Messiah [123], Chapter VI, for a proof and comments).

7.3 Maslov Indices on Mp(n)

This section is a little bit technical. Recall that we use the term “metaplectic
Maslov index” to mean the integer m (uniquely defined modulo 4) appearing in
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the metaplectic operators §W,m. Now, an arbitrary S € Mp(n) is generally not
of the type §W,m, but as we have seen it is always the product §W,W§W/,m/ of
two such operators. While the factorization S = §W,m§W/,m/ is never unique, it
turns out that there is a conserved quantity, namely an integer modulo 4 only
depending on m + m’ and not on the way we factor the operator S. This integer

.

modulo 4 is the “metaplectic Maslov index” of S and is denoted by m(S). It turns

~

out that calculations are easier if one works with a variant of m(S) which we will
call simply “Maslov index on Mp(n)”, and which is defined in terms of the Maslov
index on Sp..(n) studied in Chapter 3, Section 3.3.2.

Let us begin by establishing the existence of invariants associated with prod-
ucts of quadratic Fourier transforms. We will use the following shorthand notation:
we will write W = (P, L, Q) for every quadratic form

W(z,a2') = $(Pz,x) — (Lz,2') + $(Qa’,2) (7.47)
with P=PT,Q =Q7, and det L #0.

-~

7.3.1 The Maslov index 7i(.5)

In this section we define and study in detail the Maslov index of an arbitrary
metaplectic operator S € Mp(n). We will see that it can be very simply related to
the Maslov index on the universal covering group and that it is in fact identical
to the Maslov index on Sp,(n) studied in Chapter 3 if we take ¢ = 2.

Theorem 7.22. Let W = (P, L, Q) be a quadratic form (7.47).

(i) Let W' = (P',L,Q") and W' = (P",L",Q") be such that §W~,m~ =
Sw.mSwr.m (cf. Lemma 7.4), then the metaplectic Maslov indices m, m/’,
and m" satisfy the relation

m” =m+m’ — Inert(P' + Q) mod4 (7.48)

where Inert(P’ + Q) is the number of negative eigenvalues of the symmetric
matriz P’ + Q;
(it) If W = (P",L",Q") is such that
SW,mSW’,m’ = SW”,’m”SW”’,m”’»

then we have

1 1
m+m’ + 3 sign(P'+ Q) =m" +m" + 3 sign(P"” + Q") mod4 (7.49)

and also
rank(P’ + Q) = rank(P"” + Q") mod4. (7.50)
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Proof. We only sketch the proof, since it is rather long and technical. Part (i)
(formula (7.48)) is due to Leray [107], Chapter I, §1,2. Part (ii) is due to the author
[56, 58] (also see [61], Chapter 3). The idea is the following: let ¥y (z) = ¥(zVk)
(k > 0) where ¢(z) = exp(—|x|?/2h) (any other radially symmetric element of
S(R?) would do as well). Using carefully the method of stationary phase one finds

that if § = S\W,mS\W’,mH then

§1/)k(0) -~ Clim+m’fn/2 (eiw/4)sign(P’+Q)k7 rank(P’'+Q)/2 for k — oo
where C’ > 0 is a constant depending on W and W’. If S = §W”,m”§wm,mm we
will thus have

§’l/1k(0) NCl/im/+m//—n/2(eiﬂ/4)sign(Pm+Q”)k—rank(P///+Q//)/2 fO’f’ k — 00

for some new constant C”’ > 0 depending on W’ and W'’. This is only possible
if (7.49) and (7.50) hold. O

Definition 7.23. (i) Let §W,m € Mp(n); we call the integer
i(Swm) =2m—n (7.51)

the “Maslov index” of the quadratic Fourier transform §W,m.

(ii) Let S = §W7m§W/7m/ be an arbitrary element of Mp(n): the integer
fi(8) = fi(Sw.m) + (S ) + sign(P' + Q) (7.52)

(which is uniquely defined modulo 4) is called the “Maslov index of S”. [The
hats “~” should be understood as “class modulo 4”.]

Notice that the Maslov index is well defined in view of (ii) in Theorem 7.22

.

which shows that z(.S) is indeed independent of the factorization of S in a product
of two quadratic Fourier transforms.

It turns out (not so unexpectedly!) that we can rewrite definition (7.52) in
terms of the signature of a triple of Lagrangian plane. Let us begin by proving a
technical result:

Lemma 7.24. Let Sy and Sw be two free symplectic matrices and write
A B A/ B/ A// B//
SWZ[C D];SW’:[C/ D/:|;SWSW’:[C// D//:|-
Let fp =0 x R}. We have

T(Zp, Swép, SWSW’EP) = Sign(B_lB”(Bl)_l). (753)



7.3. Maslov Indices on Mp(n) 217

Proof. Let us first prove (7.53) in the particular case where Sy ¢p = £x, that is
when Sy is of the type

A B
Swr = [ 0 ]
in which case B” = AB’. Using the Sp(n)-invariance and the antisymmetry of the
signature, we have, since Sy fp = £x:
T(KP,SWKP,SV[/SW/KP) :T(éx,Sﬁ/lép,gp). (754)

The inverse of Sy, being the symplectic matrix

N
w —CT AT

S—l 0 _ 7BTp
w P ATp
so the Lagrangian plane Sv_vlé p has for equation Az + Bp = 0; since B is invertible

(because Syy is free) this equation can be rewritten p = —B~! Az. Using the second
formula (1.24) (Chapter 1, Section 1.4) together with the identity (7.54) we have

T(fp, Swfp, Swswlgp) = — sign(—B_lA)
= sign(B~(AB')(B')™)
=sign(B~'B"(B")™1)

we thus have

which proves (7.53) in the case Sy fp = {x. The general case reduces to the
former, using the fact that the symplectic group acts transitively on all pairs of
transverse Lagrangian planes. In fact, since

Swilp Nlp =Fx Nlp =0

we can find SO S Sp(n) such that (fp, SWIEP) = So(ép, éx), that is SWIEP = Soéx
and Solp = £p. Tt follows, using again the antisymmetry and Sp(n)-invariance of
o that:

7(p, Swlp, SwSwilp) = 7((x, (SwSo) ™ Lp, Lp)
which is (7.54) with Sy replaced by Sy Sp. Changing Sy into SalSwr (and hence
leaving Sy Sy unchanged) we are led back to the first case. Since Solp = £p, Sp
must be of the type

Sy = {ILD (Lol)T] , det(L) #0, P=PT;

writing again Sy in block-matrix form, the products SSy and S()_lSW/ are thus
of the type

BLT—l _ L—lB/
SSO{I (L7) ],Solsw/[: ]

* *
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(the stars “*” are block-entries that are easily calculated, but that we do not need
to write down), and hence

7(¢p, Swlp, SwSwlp) = sign(L' B~'B"B'"'L) = sign(B~'B"B'™!)

proving (7.53) in the general case. O

Remark 7.25. Formula (3.46) identifies 7({p, S¢p, SS'p) with the signature of
the “composition form” Q(S,S’) defined by Robbin and Salamon in [134]; the
reader will however notice that 7(¢p, S¢p, SS'¢p) is defined for all S, 5" € Sp(n)
while Q(S,S") is only defined for S, S’ satisfying transversality conditions.

~

We now have the machinery needed to express fi(S) in terms of the signature:
Theorem 7.26. The Maslov index [i on Mp(n) has the following properties:
(i) Let S = §W7m§Wr7m/ be an arbitrary element of Mp(n). We have

7i(S) = 7i(Swm) + (Swr.me) + 7(Lp, Swlp, SwSwlp). (7.55)
(ii) For all S, §" in Mp(n) we have
1(SS") = 1i(S) + ii(S") + 7(Lp, Stp, SS'lp) (7.56)

where S, S’ are the projections of S, S' on Sp(n).
Proof. 1)) UW = (P,L,Q) and W’ = (P, L', Q") we have

LQ L
W lpLtQ - LT Ltp|’

Q! -1
W= prpig ot pep

(formula (2.43) in Chapter 1, Subsection 2.2.3) and thus

£ LTN(P + Q)L

* *

Swn = SwSwr = l

Writing
BI/ — L_1<Pl + Q)Ll_l — B(Pl + Q)BI
we have P’ + Q = B~!B”(B’)~! and (7.53) implies that
7(lp, Swlp, SwSwlp) = sign(P' + Q),

hence formula (7.55).
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(i) (We are following de Gosson [56, 61].) Assume first that S’ = §W,m and let us
show that . R R
B(SSw,m) = 1(S) + 1(Sw,m) + 7(lp, Slp, SSwlp)

for every 5 € Mp(n). Let £ € Lag(n) and define functions fy : Mp(n) — Z and
by gw.e : Mp(n) — Z by

~ ~

fw(S) = i(SSwm) — A(S) — 7(Lp, Stp, SSwip),
S) = 1i(S) — 7(Stp, lp, ).

In view of the cocycle property of 7 we have
T(lp,Slp, SSwip)

=7(lp,Slp,l) —7(p,SSwlp, L) + 7(Slp,SSwilp,L);

from which follows that
fw(S) = gw.e(SSw.m) — gw.e(S) — 7(Stp, SSwlp, Lp).
Choose now ¢ such that
SlpNt=SSwlpNl=~LpN{l=0;

gw,¢ is constant on a neighborhood of S in Mp(n); since on the other hand

SlpNSSwlp = SwlpNip =0,

the function S +—— 7(S¢p, SSwip,£) is constant in a neighborhood of S in Sp(n)
hence fiw(S) is locally constant on Mp(n) and hence constant since Mp(n) is
connected. That constant value is

Fw (Swrme) = B(Swr,me Swim) = (S me)
— T(ép, SW/KP, SW/SWgP),
that is N R
fw(Swm) = 1(Sw,m)
proving formula (7.56) in the case S = §W7m. To prove it in the general case we
proceed as follows: writing S" = Sw,mSw m/ We have
7i(S5") = 1i(SSw.m) + A(Swrmr) + 7(Lp, SSwilp, SS'Lp)
= A(S) + A(Sw,m) + 7(Ep, Slp, SSwlp) + A(Swrm)
+ T(ép, SSwip, SS’KP).

Set
Y= T(ﬁp, Slp, SSWKP) + T(ép, SSwip, Sslép);
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using successively the antisymmetry, the cocycle property, and the Sp(n)-invari-
ance, and of 7 we have

Y= T(KP,SSWKP,SSIKP) — T(KP,SSWKP,SSIKP)

T(SSWKP, Sslép, Sgp) — T(ﬁp, SS/KP, Sép)
= T(Swép, Slép,fp) + T(Zp, Slp, SS’EP),

hence, noting that S’ = Sy Sw:
7(SS") = i(S) + 1i(S") + 7(¢p, Slp, S5'0p) mod4
which is precisely (7.56). O

As an application let us calculate the indices of the identity and of the inverse
of a metaplectic operator:

Corollary 7.27. We have

~

Al =0, @S =-a(s). (7.57)

Proof. Let §W,m be an arbitrary quadratic Fourier transform; in view of (7.55) we
have

(D) = i(SwmSy',,)
= 7(Sw,m) + ﬁ(gf,m) +7(p, Swlp,lp)
= [i(Sw,m) + B(Sy')

(the last equality because 7({p, Swlp,¢p) = 0 by antisymmetry of the signature)
and hence, using formula (7.11),

i) =2m—n+2n—m)—n=0.
The second formula (7.57) follows from the first in view of (7.56) since
(l) = i(SS™1) = A(S) + a(S™1) + 7(tp, Stp, Lp)
using the fact that 7(¢p, S¢p,¢p) = 0. |

-~

7.3.2 The Maslov indices i,(.S)

The reader will certainly have noted that in all the formulae above a special role
is played by the Lagrangian plane {p = 0 x R}. It turns out that it is possible
(and useful!) to define a Maslov index associated to an arbitrary Lagrangian plane
¢ € Lag(n), whose properties are quite similar to those of the standard Maslov
index.



7.3. Maslov Indices on Mp(n) 221

Definition 7.28. Let ¢ € Lag(n) and Sy € Sp(n) be such that £ = Solp. Let Sy be
one of the two operators in Mp(n) such that 7™P(S;) = So. The integer modulo
4 defined by R IR

fie(S) = 1i(Sy *SSp) mod 4
is called the “Maslov index of S relatively to £”.

That the integer ﬁ(:S’\O_ 1§§0) is independent of the choice of §0 is clear, since
for a given Sy € Sp(n) there are only two operators +35, with projection Sy €
Sp(n). Slightly more delicate is the proof that ﬁ(galggo) does not depend on the
choice of Sy € Sp(n) such that £ = Spfp. To show this we proceed as in de Gosson
[56]. Assume that £ = S1£p. Then SpS; ¥p = £p so that R = SOSfl is in St(¢p),
the stabilizer of £p in Sp(n). Now choose R € Mp(n) with projection R. We have,
using (7.56) together with the cocycle property and Sp(n)-invariance of 7:

(R85 SSoR) = A(R™) + fi(Sy ' SSo) + A(R)
+7(lp, R Mp, R71S; 1 SSolp) + 7(Lp, Sy 'S Solp, Sy ' SSoRlp),

-~

that is, since i(R~1) = —Ji(R),
RSy S8 R) = —fi(R) + (S5 ' SS0) + fi(R)
+7(Rlp,Lp, Sy SSolp) + T(Lp, Sy 1 SSolp, Sy 1SSoRLp)
= 1(S;1580) + 7(Lp, Lp, Sy 1S Solp) + T(Lp, Sy SSolp, Sy SSolp)

and hence, using the antisymmetry of 7,
(R85 'S50R) = (55 ' 55p).

This proves that ﬁ(go_ g §0) only depends on Sand? , as claimed, which completely
justifies Definition 7.28.

The properties of [i; are immediately deduced from those of i detailed in
Theorem 7.26:

Corollary 7.29. The Maslov index iy on Mp(n) has the following properties:
(i) For all S, § in Mp(n) we have

1i(S5") = ie(S) + 7ie(S") + 7(¢, S0, 55"¢) mod 4 (7.58)

where S, S’ are the projections of §, S’ on Sp(n).
(ii) We have
(D) = 0 and i(S) = —u(9).
Proof. This is an immediate consequence of the definition of fiy and Theorem 7.26
and Corollary 7.27. |
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The relation (7.58) clearly indicates a relationship between the Maslov index
e and the Maslov index on Sp__(n) studied in Chapter 3, Subsection 3.3.2 (such
a relation was of course already apparent in formula (7.56) of Theorem 7.26).

Corollary 7.30. Let Soo € Sps,(n) have projection S e Mp(n). For every £ €
Lag(n) we have

e(8) = e(Soe) mod4,

that is

where [(]a is the Maslov index on Spy(n).

Proof. This is an immediate consequence of Proposition 3.31 on the uniqueness of
a function pg : Spy, (n) — Z satistying

110(So00 S0 ) = pue(Soo) + e(S5,) + 7(€, ¢, 55'L)
(S=75(Sy), §’=75P(S2,)) and locally constant on the set {S..:S¢N¢=0}. O

Remark 7.31. In [58] we have shown that it is possible to reconstruct the ALM
index modulo 4 using only the properties of the Maslov indices fi; on Mp(n).

7.4 The Weyl Symbol of a Metaplectic Operator

Metaplectic operators are perfect candidates for being treated as Weyl operators;
in this section we set out to find the symbol of S € Mp(n). We will see that
this innocent program leads to quite substantial calculations where the Conley—
Zehnder index studied in Section 4.3 of Chapter 3 plays an essential role. For
convenience recall here that the Heisenberg—Weyl operators satisfy the relations

~

T(20)T(21) = e #7020 T ()T (20), (7.59)

~ ~

T(z0 + 21) = e~ WD T ()T (). (7.60)

We will moreover use the following Fresnel-type formula: let M be a real
symmetric m x m matrix. If det M # 0, then the Fourier transform of v ——
exp(i (Mu,u) /2R) is given by

(ﬁ)m/Q/67%<v,u>e%<MU,u>dmu — |det M|71/26%SgnMei2L<M71’U’v> (761)

where sgn M, the “signature” of M, is the number of > 0 eigenvalues of M minus
the number of < 0 eigenvalues.
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7.4.1 The operators }A%,,(S)

Let Mg be the symplectic Cayley transform of S € Sp(n) such that det(S—1) # 0
(Definition 4.13 in Chapter 4, Section 4.3): it is the symmetric matrix

Mg = %J(S +I)(S—1)""

To S we associate the operator

v

~ 1\" ; ) R
R, (S) = (%) Z—/eﬁ<MSZ’Z>T(z)d2”z (7.62)

V| det(S —I)|

interpreted as a Bochner integral. We will show that provided we choose the integer
v correctly this is the Weyl representation of £5 € Mp(n) such that 7MP(S) = S
(the definition of the operators (7.62) is due to Mehlig and Wilkinson [121], who
however do not make precise the integer v). Anyhow, formula (7.62) defines a Weyl
operator with complex Gaussian twisted symbol

al ()= e (Mszz), (7.63)

7 VIdet(S = 1)

Assume in addition that det(S 4 I) # 0. Since the symbol and twisted symbol of
a Weyl operator are symplectic Fourier transforms of each other, the symbol of
R,(S) is a®v = F,a$®" | that is

) ) ,
— %a'(z,z’)eﬁ<Msz ’Z>d2n2/;

1\" i’
Sy = (L / -
a z e
(=) (27T71) V| det(S —1)|
applying the Fresnel formula (7.61) with m = 2n we then get
Z'V—i—% sgn Mg

VIdet(S —1)]

Since, by definition of Mg,

al®(z) = | det Mg|~/2e7m (VM5 72:%)

det Mg = 27" det(S + I) det(S — I),
we can rewrite the formula above as

iu+% sgn Mg

a(S),u(z) — 2n/2
[det(s 1 1)|

ewn{IMs"T22), (7.64)

beware that this formula is only valid when S has no eigenvalue +1.

The following alternative forms of the operators R, (S) are interesting:
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Lemma 7.32. Let S € Sp(n) be such that det(S —I) # 0. The operator R, (S) can
be written as

B(S) = (%) i \/Tdet(S = 1)) / e~ FISEAT((S = [)2)d2z,  (7.65)

that is, as

~ 1\" ~ ~
B(S) = (ﬂ) i\ /Tdet (S = 1)) / T(S2)T (). (7.66)
T
Proof. We have
1 1 .
hence, in view of the antisymmetry of J,
(Msz,z) = {(J(S—1)""z,z) = a((S — I)"'z,2).

Performing the change of variables z — (S — I)~!2z we can rewrite the integral
in the right-hand side of (7.62) as

/eﬁuwsz’”f(z)d%z = /e%"(z’(s_l)z)f((S —1)2)d*"z
= [ at(s - nain,
hence (7.66). Taking into account the relation (7.60) we have
TS = )z) = e~ THOES=DT(S2)T(—2)
and formula (7.65) follows. O

Let us begin by studying composition and inversion for the operators EV(S ):
Theorem 7.33. Let S and S’ in Sp(n) be such that det(S—1I) # 0, det(S’—1) # 0.
(i) If det(SS’ —I) # 0, then

RV(S)RV(S/) = Ru—&-u’—&-%sgnM(Ssl)' (767)
(ii) The operator R, (S) is invertible and its inverse is

R,(S)"' =R_,(S7h). (7.68)
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Proof. (i) The twisted symbols of R, (S) and R, (S’) are, respectively,

v .
t5(2) = —m—==—==e 2 (Ms7),

V| det(S —I)|

bU(Z) = —e%<MS/ZaZ>

The twisted symbol ¢, of the compose R, (S)R,(S') is given by
¢ (2) = (ﬁ—h)n/e%"(z’zl)ag(z — b, (2)d*" 2
(formula (6.45), Theorem 6.30, Subsection 6.3.1 of Chapter 6), that is
co(2) = K/eﬁ“(z’zl)eﬁ®(z’2/)d2nz'

where the constant in front of the integral is

’

1\" v
() T

and the phase ®(z,2’) is

O(z,2") = (Mg(z — 2'), 2 — 2"y + (Mg 2, 2')

that is
O(z,2") = (Msz,2) —2(Mgz,2") + (Mg + Mg)z', 2') .

Observing that

0(z,2) —2(Mgz, 2"y = ((J — 2Mg)z, 2")
=-2(J(S—1I)""2,2"),

we have

o(z,2") + ®(z,2)
=—2(J(5 - I)_lz,z'> +{Msz,2) + (Mg + Mg:)z', 2")
and hence

CU(Z) _ Ke%(Msz,z)) /e—%<J(S—I)7lz,z’>€ﬁ<(Ms+MS/)z’,z’>d2nZ/. (769)

Applying the Fresnel formula (7.61) with m = 2n and replacing K with its value
we get

co(2) = (525)" |det[(Ms + Mg/)(S — I)(S" — I)]| /2T 0 Mei®G) (7.70)



226 Chapter 7. The Metaplectic Group

where the phase O is given by

O(z) = (Mgz, z) — <(Ms + Mg) YIS —1T)" 12, J(S — I)_lz>
= (Ms+ (ST —I)"'J(Ms + Mgs) "' J(S — 1) 'z, 2),

that is ©(z) = Mgg in view of part (ii) of Lemma 4.14 in Chapter 4, Subsection
4.3. Noting that by definition of the symplectic Cayley transform we have

Mg+ Mg =JI+(S—D)'+(8-1)71),
it follows that

det[(Ms + Ms/)(S = I)(S" = I)] = det[(S — I)(Ms + Ms/)(S" = I)]
= det[(S — I)(Ms + Ms)(S" — I)]
— | det(SS — I)|

which concludes the proof of the first part of the proposition.

(ii) Since det(S — I) # 0 we also have det(S™! — I) # 0. Formula (7.69) in the
proof of part (i) shows that the symbol of R, (S)R_,(S71) is

cg(z) _ Ke%(Msz,z)) /ef%<J(Sfj)*1z,z’>e%<(MS+MS,1)Z’,z/>d2nZ/

where the constant K is this time

K= (2717—h)n ] det(S—ll)(S_l -0l (%)" s

since det(S~1—1T) = det(I —S). Using again Lemma 4.14 we have Mg+ Mg-1 = 0,
hence, setting 2/ = (ST —I)71Jz,

1 " 1 03 i3 —1 ’
= — = zr{Mszz) —E<J(S—I) Z,Z> 2n /I
¢ (2) (271'7“1) [det(S — 1) /6 d™z

= (ﬁ) e#<M5‘27Z>/6*%<Z,Z”>d2nzll.
™

Since by the Fourier inversion formula
/ef%<z’zw>d2"2” = (27h)*6(2),

we thus have c,(z) = (2mh)"d(z), and this is precisely the Weyl symbol of the
identity operator (Proposition 6.10 in Chapter 6). |

The composition formula above allows us to prove that the operators R, (S)
are unitary:
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Corollary 7.34. Let S € Sp( ) be such that det(S — I) # 0. The operators EV(S)
are unitary: R, (S)* = R,(S)™!

Proof. In view of Proposition 6.16 (Subsection 6.2.2, Chapter 6) giving the symbol
of the adjoint of a Weyl operator is the complex conjugate of the symbol of that
operator. Since the twisted and Weyl symbol are symplectic Fourier transforms of
each other, the symbol a of R, (S) is thus given by

R e
-

‘We have

(27Th)na £0(2,2") —%<Msz/,z/>d2nzl.

(=) = m/

Since Mg-1 = —Mg and |det(S — I)| = | det(S~! — I)| we have

|det(S—1 —I)]
Y /e%a(z,z’)e#<Msf1 z/,z’>d2nzl’
«/|det S—1—1)]
hence a(z) is the symbol of R, (S)~! and this concludes the proof. O

7.4.2 Relation with the Conley—Zehnder index

Theorem 7.33 and its corollary will allow us to prove that if we identify the integer
v with the Conley—Zehnder index studied in Chapter 4 (Section 4.3), then the
operators EU(S ) are metaplectic operators. This will however require some work.
Let us begin by giving a definition:

Definition 7.35. Let S € Mp(n) have projection S € Sp(n) such that det(S—1I) # 0
and choose So, € Sp..(n) covering S. The integer modulo 4 defined by

-~

i02(S) = icz(Se) mod4 (7.71)
is called the “Conley—Zehnder index” on Mp(n).

The Conley-Zehnder index on Mp(n) is well defined: assume in fact that S’
is a second element of Sp__(n) covering S; we have S’ = a”Su for some r € Z («
the generator of 71 [Sp(n)]); since Mp(n) is a double covering of Sp(n) the integer
r must be even. Recalling that

tcz(a"Soo) = icz(Seo) + 21
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(property 4.13 of the Conley—Zehnder index in Subsection 4.3.1, Chapter 4) the
left-hand side of (7.71) only depends on S and not on the element of Sp_,(n)
covering it.

Let S and S in Sp(n) be such that det(S — I) # 0. Let S and S’ in Mp(n)
have projections S and §": 7MP(S) = § and 7MP(S') = S’ (there are two possible
choices in each case). Recall now that we have shown in Chapter 4 (Proposition
4.17, Section 4.3) that

1
107 (Ss0Sh) = icz(Se0) +icz(Sh) + 3 sign Mg

hence, taking classes modulo 4,
o N
icz(SS") = icz(S) +icz(S) + 3 sign Mg.

Choosing v = icz(S), V' = icz(S) formula (7.67) becomes

~

Ricz(§)<S)Ricz(§/)(Sl) - Ricz(gg,)(ssl) (7.72)

which suggests that the operators Eicz &) (S) generate a true (two-sheeted) unitary
representation of the symplectic group, that is the metaplectic group. Formula
(7.72) is however not sufficient for this claim, because the Ricz(g)(S) have only

been defined for det(S — I') # 0. What we must do is to show that these operators
generate a group, and that this group is indeed the metaplectic group Mp(n).

Let us recall the following notation, used in Section 4.3 of Chapter 4: if W
is a quadratic form

W(z,2) = 5 (Pz,z) — (Lo, ') + 5 (Q2',2)

(P =P, Q = Q7, det L # 0), we denote by Ws the Hessian matrix of the
function & — W(x, x):

Ws=P+Q—-L-L", (7.73)
that is
Ws=DB'4+B1'A- B! —(BT)! (7.74)
A Bj. . .
when S = c p|B the free symplectic matrix generated by W. Also recall that
det(S —I) = (—1)"det Bdet(B~*A+ DB~* — B~! — (BT)™1) (7.75)

= (~1)"det L' det(P+Q — L — L")

(Lemma 4.19 of Subsection 4.3.4 in Chapter 4).
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Proposition 7.36. Let §W,m € Mp(n) be a quadratic Fourier transform with pro-
jection S = Sy .

(i) We have R, (Sw) = Sw.m provided that
v=icz(S) mod4. (7.76)

(ii) When this is the case we have

argdet(S — I) = (icz(S) —n)m mod 27. (7.77)

Proof. (i) Let § € S’(R™) be the Dirac distribution centered at x = 0; setting

1 \" e
Cwo =~ ) ——
" (Wi) [det(S —1)]

we have, by definition of R, (S),

i

EV(S)(s(:C) = CWU/62_<MSZO,ZO>6%(<pU>x>*%(p[),m()))é(x _ «TO)dQnZO
— CWJ,/e%(MS(I,p0)>(I>PO)>6%(p,x)(s(x N fEO)dQnZO,

hence, setting x = 0,

=)

,(5)3(0) = Ciwo / 75 (M (0.20),0.20) §(_0) 2" 2,

that is, since [ §(—zo)d"zo =1,

-~ 1\" v ;
L(8)5(0) = 37 (Ms(0,p0),(0,p0)) gy .
R (5)00) <27rh) JTdet(S — 1) /6 bo (7.78)

Let us next calculate the scalar product

<Ms(0,p0), (07p0)> = U((S - 1)7107p0)7 (07p0))

The relation (x,p) = (S — I)71(0,po) is equivalent to S(x,p) = (,p + po), that
is to
p+po=0.W(x,z) and p= -0, W(x,z).

These relations yield, after a few calculations,
r=P+Q-L-L")"py ; p=L-QP+Q—-L-L")""py

and hence
(Ms(0,po), (0,p0)) = — (Wg 'po, o) (7.79)
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where Wy is the symmetric matrix (7.73). Applying Fresnel’s formula (7.61) to
(7.78) we get

(zm)" / 3 (M (0:p0),(O0)) gy = ¢~ F 581 5| ot g 1/,

observing that in view of formula (7.75) we have

1

VIdetSw — 1) | det L[*/?] det Ws|~1/2,
(§] w —

we obtain R
R, (Sw)8(0) = (5%£)" ive™ 58" Ws| det L|'/2.

Now, by definition of §W,m»
(52)" i V/Tdet I [ bW O5(a )’
(z25)" "2/ det L]

Swm(0)

and hence

ZU€77 sgn Ws _ imfn/Q.

It follows that we have

1 — 1
v—g5sgnWg=m—35n mod4

which is equivalent to formula (7.76) since Wg has rank n.

(ii) In view of formula (7.75) we have
argdet(S — I) = nw + argdet B 4+ argdet Wg mod 27.
Taking into account the obvious relations

argdet B = my,(S) mod2r,
argdet Wg = mInert Wg mod 2,

formula (7.77) follows. O

Recall from Chapter 7 that every S e Mp(n) can be written (in inﬁnitely
many ways) as a product S = SWmSW/ m’- We are going to show that Swm and
SW/ m always can be chosen such that det(SWm —1I)#0and det(SWr m—1) #0.

Corollary 7.37. The operators R,,(SW) generate Mp(n). In fact, every Se Mp(n)
can be written as a product

S = R, (Sw)Rw (Sw) (7.80)
where det(Sw — I) # 0, det(Sw+ — I) # 0.
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Proof. Recall that the quadratic Fourier transforms SWm generate Mp(n); in fact
every Se Mp(n) can be written in the form S = SWmSW/ r. In view of Propo-
SlthIlA7.36 it thus suffices to ihow that W and W’ can be chosen so that Sy =

Mp(Sw)m) and SW/ = WMP(SW/)m) satisfy det(SW — I) 7é O, det(SW/ — I) 7é 0.
That the E\V(SW) generate Mp(n) follows from formula (7.80) since Let us write

S = Sw,mSw m’ and apply the factorization (2.51) to each of the factors; writing
W= (P,L,Q), W = (P',L' Q") we have

§= V_pML,mﬁ,(p/+Q)ML/,mrﬁ_Q/. (7.81)
We claim that §W7m and §Wr,mr can be chosen in such a way that det(Syw —1I) # 0
and det(Sy — I) # 0, that is,
det(P+Q—L—L")#0 and det(P'+Q — L' —L'") #0;

this will prove the assertion. We first remark that the right-hand side of (7.81)
obviously does not change if we replace P’ by P’ + Al and Q by Q — A\ where
A € R. Choose now X such that it is not an eigenvalue of P4+ Q — L — LT and —\
is not an eigenvalue of P’ + Q' — L' — L'T; then
det(P+Q— M —L— L") #0,
det(P'+ M +Q —L—L")#0

and we have S = Sw, m, Sw; m, With

1 1
Wi(z,2') = §<ch,gc> —(Lz,2") + 5((@ — )2’ 2'),
1 1
Wi(z,z') = 5((P' + M)z, z) — (L'z, 2"y + §<Q’x',x’>;
this concludes the proof. O

So far, so good. But we haven’t told the whole story yet: there remains to prove
that every S € Mp(n) such that det(S — I) # 0 can be written in the form R, (S).

Proposition 7.38. For every S € Mp(n) such that det(S — I) # 0, we have S =
RU(S)(S) with
v(S) =v+1v + Lsgn(M + M'). (7.82)

Proof. Let us write § = R, (Sw)R, (Sw). A straightforward calculation using
the composition formula for Weyl operators (6.45) in Theorem 6.30 of Chapter 6,
together with the Fresnel integral (7.61), shows that we have

V+V + sgn(M+M")

5= (H)"
2l Tdet(Sw — ) (Swr — 1) (M + M)

; / W N2AT(2)d? 2 (7.83)
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where M and M’ correspond to Sy and Sy by
1
M = 2J(Sw +1)(Sw = D)7,
1
M = 5J(SW/ +I)(Swr — 1)

and N is given by

N=M—(M+3J)(M+M)"M-1J).

We claim that
det(Sw — I)(Swr — I)(M + M') = det(S — I) (7.84)
(hence M + M’ is indeed invertible), and

N=21JS+I)(S—-I)"' = Ms. (7.85)

-2

The first of these identities is easy to check by a direct calculation: by definition
of M and M’ we have, since det J = 1,

det(SW - I)(SW/ — I)(M + M/) = det(SW - I)(I + (SW - 1)71
+ (Sw — 1)) (Sw — 1)
that is
which is precisely (7.84). Formula (7.85) is at first sight more cumbersome; there
is however an easy way out: assume that S = Sy ;,»; we know that we must

have in this case
N = %J(Swsw/ + ) (SwSw: — 1)71

and this algebraic identity then holds for all S = Sy Sy since the free symplectic
matrices are dense in Sp(n). Thus,

R n 'u+u/+lsgn(M+M/) . .
< 1 ) (3 2 2Lh<MSZ’Z>T(Z)d2nZ

) " Jlaets - D] J ©

and to conclude the proof there remains to prove that
v(S)m = (v+ ' + Fsgn(M + M'))r
is effectively one of the two possible choices for argdet(S — I'). We have

(v+v + Lsgn(M+ M)
= —argdet(Sy — I) — argdet(Sw+ — I) + 2msgn(M + M’);
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we next note that if R is any real invertible 2n X 2n symmetric matrix with ¢
negative eigenvalues, we have argdet R = ¢m mod 27 and %sgnR = 2n — ¢ and
hence

argdet R = %7‘( sgn R mod 27.
It follows, taking (7.84) into account, that
(v+v + 3sgn(M + M'))m = argdet(S — I) mod2n
which concludes the proof. (|

Exercise 7.39. Prove in detail the equality (7.83) used in the proof of Proposition
7.38.
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Chapter 8

The Uncertainty Principle

This chapter is devoted to one of the most important, basic, and at the same
time characteristic features of quantum mechanics, the uncertainty principle. That
principle can be stated in its crudest (and perhaps most well-known) form as

AX;AP; > ik, j=1,2,...,n,

where AX,; and AP; are the standard deviations associated to the position and
momentum random variables X = (X1,...,X,) and P = (Py,..., P,). The idea
goes back to Heisenberg’s 1927 Zeitschrift fur Physik paper [89]; but while Heisen-
berg used a thought experiment to arrive at the formula dgdp = h/27, the modern
and more accurate form above was rigorously proven by Robertson [136]. The

sharp form

(AX;)2(AP;))3 > 1 Cov(X;, Py)y + 102
of the uncertainty principle we will use in this chapter (Proposition 8.8) was proven
by Schrédinger [143] in 1930. We refer to Jammer’s book [97] (especially Chapter
7) for a very detailed discussion of the history of the uncertainty relations, and of
their philosophical implications.

We will give a purely geometric interpretation of the sharp uncertainty prin-
ciple and relate that principle to the notion of linear symplectic capacity intro-
duced in Chapter 2, Subsection 8.3.3. We will then use this interpretation to
construct a quantum-mechanical phase space whose elements are no longer points
z = (z,p), but rather a class of particular ellipsoids we have called “quantum
blobs” in [65, 66, 69], and relate these to Wigner transforms of Gaussians (de Gos-
son [71, 72]). The fact that topological notions such as symplectic capacities could
play a pivotal role in quantization has been realized only recently (see for instance
Dragoman [32] for a system of axioms for quantum mechanics where quantum
blobs intervene; also Elskens and Escande [38] and Giacchetta et al. [48]).

We begin by reviewing the notions of states and observables. For a very
readable detailed analysis of these concepts see Dubin et al. [33].
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8.1 States and Observables

In this section we introduce some basic concepts and terminology from classical
and quantum mechanics; we will return to the discussion in Chapter 9.

Both classical and quantum mechanics are “observable-state” systems; what
an observable or a state in quantum mechanics should really be is varying from
author to author: to paraphrase Quintus Horatius Fallcus (65-8 BC):

Grammatici certant et adhuc sub judice lis est.!

The definitions of states and observables we will give in the subsequent sub-
sections are far from being the only possible (nor perhaps the most used); for other
points of view see Mackey [115, 116, 117]; Hermann’s appendix to Wallach’s book
[175] also contains a valuable discussion of the topic.

8.1.1 Classical mechanics

A classical physical system (C) consists of a finite number of point-like particles; we
assume that the positions and momenta of these particles are exactly known; they
can thus be collectively identified (at a given time ¢) by a point z of R?" (or, more
generally, of some symplectic manifold), hereafter called the phase-space of (C).
Such a point is called a pure state; the integer n is called the number of degrees of
freedom of (C). In its most naive acceptation a classical observable is a function on
the phase space (or on the extended time-dependent phase space), whose choice
is limited by whatever condition of regularity is required by the physics of the
problem. If the forces are regular enough, the time evolution of (C) is governed
by a privileged observable, the Hamiltonian function, whose value at (z,t) is, by
definition, the energy. In practice it is convenient to extend the notion of state,
and that of observable (see Dubin et al. [44]):

Definition 8.1.
(i) A (classical) observable is a function a € C*°(R?");
(ii) A (classical) state is a normalized positive distribution p € &'(R2"): (p,a) >0
for every a > 0 and (p,1) = 1.
(iii) A pure state is a Dirac distribution §(z — zp); a state which is not pure is
called a “mixed state”.

The set of all states clearly is a convex set: if p and p’ are two states, then
ap+ (1 —a)p’ is also a state for 0 < o < 1.

Standard examples of mixed states are provided by probability densities:
assume that p is a compactly supported integrable function on R?" such that
p > 0 and with integral equal to 1. It is an element of £ (R?") and we have

(pra) = / p(2a(2)d2= >0, (p1) = / p(2)d2z =1

L«Scholars dispute, and the case is still before the courts”.
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so that p is indeed a state. More general states which are genuinely compactly
supported distributions occur naturally in statistical mechanics; here is one basic
example:

Example 8.2. The “microcanonical Gibbs state”. Let H be a time-dependent
Hamiltonian function and assume that the energy shell Xg : H(z) = E has com-
pact smooth boundary. The microcanonical state is defined by

1

pmicro(z) = ma(H(z) - E)

where the normalization constant X(E, V') is given by
S(E,V) = /5(H(z) — E)d* 2.

Obviously Supp pmicro C 2E-

Other examples of classical states are presented from a very elementary point
of view in Dubin et al. [33].

8.1.2 Quantum mechanics

As we said in the introduction to this chapter, we make ours, with Mackey [117],
the point of view that quantum mechanics is a refinement of Hamiltonian mechan-
ics. In other words, for us quantum mechanics is the “better theory” which falsifies
(in the Popperian sense) classical mechanics. This implies that instead of focusing
on “correspondence rules” associating to a classical observable a quantum opera-
tor, we postulate that self-adjoint operators on Hilbert spaces are, by definition,
the observables of quantum mechanics.

In traditional quantum mechanics, a pure state of a quantum system (Q) is
an element of a Hilbert space H. The usual choice in standard quantum mechanics
is H =L%(R7), but we will see later on that this choice is absolutely not compelling,
and that L2(R?) can be replaced by a particular closed subspace of L?(R2") using a
“wave-packet transform” | leading to quantum mechanics in phase space. Quantum
observables are self-adjoint operators on the Hilbert space H. These operators need
not be bounded; for instance multiplication by x; is not a bounded operator if
H =L?(R?); see for instance [139] for a general discussion of operators intervening
in quantum mechanics.

8.2 The Quantum Mechanical Covariance Matrix

Quantum mechanics is (at least in its applications) a statistical theory. The notion
of covariance matrix is a useful device, both from a theoretical and practical point
of view. It turns out, as we will see, that the uncertainty principle can be restated
in a very elegant and concise form in terms of this matrix.
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8.2.1 Covariance matrices

We refer to Appendix D for the basics of probability theory that are being used
in this section.

Definition 8.3. Let Z = (Z1,..., Z,,) be arandom variable on R™. The symmetric
m x m matrix ¥ = (Cov(Z;, Zx))1<j,k<m is called the “covariance matrix” of the
vector-valued random variable Z = (Z1,. .., Zpy,).

The correlation coefficients p;r = p(Z;, Zj) are equal to 1 when j = k, hence
the principal diagonal of the covariance matrix consists of the variances (AZ;)2.

Example 8.4. For instance, in the case m = 2, writing Z = (X, P):

5 [(AX)2 A

A (AP)% , A =Cov(X,P).

This example is a particular case of the following situation: consider the
random vector
Z = (le"'vXn;Plv"'vpn)

where X; : R — Rand P; : Rg — R; denoting by X x x and X pp the covariance
matrices of X = (X1,...,X,) and P = (Py,..., P,), and by

Yxp = (Cov(Xj, Pr))1<jk<n

the covariance matrix X of Z is the symmetric matrix

_ |Xxx Xxp . T
Y= |:EPX EPP:| with ZPX*EXP'

Remark 8.5. The functions X; and P} are usually interpreted, as the notation is
intended to suggest, as the random variables corresponding to measurements of
the position and momentum coordinates x; and py.

8.2.2 The uncertainty principle

Let A be a self-adjoint operator on L2(R") and ¢ € L2(R"), 1 # 0. Since the
arguments below are of a quite general character we do not assume here that A is
a Weyl operator, nor even that it is a bounded operator on L?(R7).

Definition 8.6. The mathematical expectation (or: average value) of A in the state
1 is by definition the real number

~ (gwaw)m(w)
Ay = ———7— =2,
(A (¥, %) L2@n)
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Since we obviously have

(Aay = (A)y if a€C\{0}

-~

we may replace ¢ by ¢¥/||¢||L2 in the definition of (A), so that it is no restriction
to assume that i is normalized to unity:

(A)y = (A\¢»¢)L2(Rg) if [[¥]|p2@e) = 1. (8.1)

This shows that what counts in practice is actually the “ray” {at : a # 0, € C}:
the replacement of ¥ by a# in formula (8.1) has no effect, whatsoever, on the
mathematical expectation: the “true” state space of quantum mechanics is actually

-~

a projective space. The definition of (A),, is motivated by the following argument:
assume that the spectrum of A is discrete, and consists of real numbers \;, j € N
(recall that A is assumed to be self-adjoint); let (¢;);en be the corresponding

orthonormal basis of eigenfunctions of A. A basic axiom of quantum mechanics is
that the probability of obtaining the value A; for the observable A when measuring
it in the normalized state ) is

Pry(A=)j) = |(1/)71/)j)L2(]R;L)|2~
The mathematical expectation of the observable A in the state 1 is in this case
(A)y = Z/\j|(¢»¢j)L2(R;)|2 = (AY,¥) L2 (mn)
j=1
which is of course consistent with formula (8.1).

Definition 8.7. Let A be an observable;

(i) If A2 also is an observable and 1) is a quantum state, then
(DAY, = (A%)y — (A)}

is called the “variance of A in the state 1" its positive square root (Aﬁ)w
is called “standard deviation”.

(ii) If B is a second observable with the same property, then
Cov(A, B), = 1(AB + BA),
is the “covariance” of the pair (ﬁ, E) in the state .

The following result relates commutation relations between operators to
quantum uncertainty:
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Proposition 8.8. If the variances and covariances of two self-adjoint operators A
and B exist and satisfy the commutation relation

(A.B| = AB_ BA—inl.
then the following inequality holds:
(AA)(AB)? > 1 Cov(4, B), + 1n% (8.2)

Proof. Tt is no restriction to take ||[¢)]|z = 1. It is also sufficient to assume that
(A)y = (B)y = 0 because the general case is reduced to the case (4)y = (B)y =0

applying the result to the operators A — <A>¢I and B — (B >¢I The proof of (8.2)
is thus reduced to the proof of the inequality

(A%),(B*)y > L Cov(A, B)y + 15’ (8.3)

-~

when (A), = <§>¢ = 0. We have, since A is self-adjoint,

(A% = (A%, ) L2(mn) = ||A\w||2L2(R")7
(B%)y = (B, ¢) 2mp) = 1BYI 2y
hence, using Cauchy—Schwarz’s inequality:
(A2)(B2)y > |(A, BY) 2| = |(AB, %) paey) |-
Noting that
AB = L(AB + BA) + L[4, B] = }(AB + BA) + ],
and |[¢)||z2 = 1 this can be rewritten as
(A%)4(B%)y = |3(AB + BAYY, )| p2(an) + 2%
since (/Alé + EA\)’L/),’L/))L2(R;) is real, (8.3) follows. O

The following consequence of this result is immediate:

Corollary 8.9. Let )?j be the operator of multiplication by z; and ﬁj = —ihd/0x;.
We have
(AX;)3 (AP} >

1 Cov(X;, Pj)y + 11 (8.4)

and, in particular, (AX;)y(AP;)y > 2h.
A caveat: in the corollary above none of the operators X ij; are bounded
on L?(R7). It turns out that this is a quite general feature, as is shown by the
following argument of Winter and Wielandt (see Theorem 4.11 in the book [33}

by Dubin et al.): let H be an arbitrary Hilbert space and assume that X and P
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are such that [X, P] = ih. Then X or P is unbounded. Assume in fact that P is
bounded. A straightforward induction argument shows that for every integer k we
have [X, P**1] = ih(k + 1) P* and hence

Rk + 1)[|P*|13 < 2/1X] ||| P*||2¢

so that R N
Ak +1) < 2/[X||x]|Pll#;

since this inequality holds for every k the operator X can thus not be bounded.

From now on we will always assume that Ais the Weyl operator with symbol
a, defined for ¢ € S(R?) by

~

Ay (z) = (%)n//e%w_”a(%(w +y),p)Y(y)d"yd" p.

We claim that the “uncertainty principle” (8.2) is invariant under the action
of the symplectic group Sp(n). Let us glorify this important statement by giving
it the status of a theorem:

Theorem 8.10. Assume that the Weyl operators AN 4 and BEYD b satisfy the

uncertainty relations (8.2). Let S € Sp(n) and let Ag Y 4087 and Bg ey

bo S~ L.

(i) We have
(AAS)%dJ(ABS)ng > 1 Cov(A, B)y — 1[4, B}, (8.5)
for every S € Mp(n) with (S) = S.
(ii) In particular
(AX))2, (AP, = § Cov(X;, Py)y + 1h°. (8.6)

Proof. Using the metaplectic covariance property (7.24) in Theorem 7.13 we have
(o3, = [ BAv@Pds = |S40]e.
hence, since Sisa unitary operator:
(As)g, = I|AY|[3. = (A)3.

Writing similar relations for (Bg)y, (4%)y and (B%), formulae (8.5) and (8.6)
follow. 0

We will use this result in the forthcoming subsections to restate the un-
certainty principle in a geometric form. Let us first explain what we mean by a
“quantum mechanically admissible covariance matrix”.
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8.3 Symplectic Spectrum and Williamson’s Theorem

The message of Williamson’s theorem is that one can diagonalize any positive
definite symmetric matrix M using a symplectic matrix, and that the diagonal
matrix has the very simple form

where the diagonal elements of A, are the moduli of the eigenvalues of JM. This
is a truly remarkable result which will allow us to construct a precise phase space
quantum mechanics in the ensuing chapters. One can without exaggeration say
that this theorem carries the germs of the recent developments of symplectic topol-
ogy; it leads immediately to a proof of Gromov’s famous non-squeezing theorem
in the linear case and has many applications both in mathematics and physics.
Williamson proved this result in 1963 and it has been rediscovered several times
since that — with different proofs.

8.3.1 Williamson normal form

Let M be a real m x m symmetric matrix: M = M”. Elementary linear algebra
tells us that all the eigenvalues A1, A2, ..., Ay, of M are real, and that M can be
diagonalized using an orthogonal transformation: M = RTDR with R € O(m)
and D = diag[A1, Az, ..., Apm]. Williamson’s theorem provides us with the sym-
plectic variant of this result. It says that every symmetric and positive definite
matrix M can be diagonalized using symplectic matrices, and this in a very par-
ticular way. Because of its importance in everything that will follow, let us describe
Williamson’s diagonalization procedure in detail.

Theorem 8.11. Let M be a positive-definite symmetric real 2n X 2n matriz.
(i) There exists S € Sp(n) such that

A O

T —
SMS—[O A

] , A diagonal, (8.7)

the diagonal entries A\; of A being defined by the condition
+i)\; is an eigenvalue of JM ™. (8.8)

(ii) The sequence A1,..., A, does not depend, up to a reordering of its terms, on
the choice of S diagonalizing M .

Proof. (Cf. Folland [42], Ch.4.) (i) A quick examination of the simple case M = T
shows that the eigenvalues are +i, so that it is a good idea to work in the space
C?” and to look for complex eigenvalues and vectors for JM. Let us denote by
(-,-)ps the scalar product associated with M, that is (z,2'),, = (Mz,z). Since
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both (-,-),, and the symplectic form are non-degenerate we can find a unique
invertible matrix K of order 2n such that

(z, K2y = 0(z,2)
for all z, 2’; that matrix satisfies
K™ =J=-MK.

Since the skew-product is antisymmetric we must have K = —K™ where KM =
—M~'KTM is the transpose of K with respect to (-,-),,; it follows that the
eigenvalues of K = —M~'J are of the type £i\;, A; > 0, and so are those of
JM~!. The corresponding eigenvectors occurring in conjugate pairs e} + ifj’», we
thus obtain a (-, -) ,-orthonormal basis {e, f}}1<i j<n of R2" such that Kej = X, f{
and K f] = —\;e}. Notice that it follows from these relations that

K?e;==Xei , K'fj==\f]
and that the vectors of the basis {ef, f}}1<i j<n satisfy the relations

0(6;76;’) - <€;7K€;>M = )\]<6;7f_;>M = 07
o(fi, ;) = (fi, Kfiym = =X (fise)m =0,
U(fi/ve;‘) = <fi/7K6;‘>M = >\i<6;7f]/'>M = —X;0;j.

Setting e; = /\Z—_l/2e’i and f; = /\]-_1/2 7, the basis {e;, fj}1<ij<n is symplec-
tic. Let S be the element of Sp(n) mapping the canonical symplectic basis to
{61', fj}lgi,jgn- The <'7 ~>M—orthogonality of {ei, fj}lgi,jgn implies (87) with A =
diag[A1,..., Ap]. To prove the uniqueness statement (ii) it suffices to show that if
there exists S € Sp(n) such that STLS = L’ with L = diag[A, A], L' = diag[A’, ],
then A = A’. Since S is symplectic we have STJS = J and hence STLS = L' is
equivalent to S~'JLS = JL' from which follows that JL and JL’ have the same

eigenvalues. These eigenvalues are precisely the complex numbers +i/);. g

The diagonalizing matrix S in the theorem above has no reason to be unique.
However:

Proposition 8.12. Assume that S and S’ are two elements of Sp(n) such that
M= (8"'DS' = ST"DS
where D is the Williamson diagonal form of M. Then S(S')~ € U(n).

Proof. Set U = S(S")~!; we have UT DU = D. We are going to show that UJ =
JU; the lemma will follow. Setting R = DY/2UD~'/? we have

R"R=D'*(UTDU)D'/? =D '?DD7'? =T
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hence R € O(2n). Since J commutes with each power of D we have, since JU =
o=,
JR=D'?JuD~'/? = D'Y*(UT)"'jD"1/?
— D1/2(UT)71D71/2J — (RT)flt]’
hence R € Sp(n) N O(2n) so that JR = R.J. Now U = D~'/2RD"'/? and therefore
JU = JD"'?RD'? = D~'/2JRD'/?
= D Y2RJDY? = D~Y2RDY?J
=UJ

which was to be proven. (|

8.3.2 The symplectic spectrum

Let M be a positive-definite and symmetric real matrix: M > 0. We have seen
above that the eigenvalues of JM are of the type i), ; with A, ; > 0. We will
always order the positive numbers A, ; as a decreasing sequence:

>\a',1 Z )\0,2 Z e Z )\J,n > 0. (89)

Definition 8.13. With the ordering convention above (As1,...,Asr) is called the
“symplectic spectrum of M and is denoted by Spec, (M):

Speca(M) = ()‘0,17 ceey >\cr,n)

Here are two important properties of the symplectic spectrum:

Proposition 8.14. Let Spec, (M) = (Ao1,---,A0n) be the symplectic spectrum of
M.

(i) Spec, (M) is a symplectic invariant:
Spec, (STMS) = Spec, (M) for every S € Sp(n); (8.10)

(i) the sequence (A} YY) is the symplectic spectrum of M~':

omnr ) Noyl
Spec, (M ~1) = (Spec, (M))™*. (8.11)

Proof. (i) is an immediate consequence of the definition of Spec, (M).
(ii) The eigenvalues of JM are the same as those of M'/2JM?'/?; the eigenvalues
of JM~" are those of M~'/2JM~'/2. Now

M71/2JM71/2 — 7(M1/2JM1/2)71,

hence the eigenvalues of JM and JM ™! are obtained from each other by the
transformation ¢ — —1/t. The result follows since the symplectic spectra are
obtained by taking the moduli of these eigenvalues. g
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Here is a result allowing us to compare the symplectic spectra of two positive
definite symmetric matrices. It is important, because it is an algebraic version
of Gromov’s non-squeezing theorem [81] in the linear case. We are following the
lines of Giedke et al. [49]; for a proof using a variational argument see Hofer
and Zehnder [91]. (Hérmander [92], §21.5, gives a detailed classification of general
quadratic forms on symplectic space; also see the listing due to Galin in Arnol’d
[3], Appendix 6.)

Theorem 8.15. Let M and M’ be two symmetric positive definite matrices of same
dimension. We have

M < M’ = Spec, (M) < Spec, (M’). (8.12)

Proof. When two matrices A and B have the same eigenvalues we will write A ~ B.
When those of A are smaller than or equal to those of B (for a common ordering)
we will write A < B. Notice that when A or B is invertible we have AB ~ BA.
With this notation, the statement is equivalent to

M <M = (JM')? < (JM)?

since the eigenvalues of JM and JM’ occur in pairs +i)\, i)\ with A and N\
real. The relation M < M’ is equivalent to 27 Mz < 2T M’z for every z € R?",
Replacing z by successively (JM/?)z and (JM"V/?)z in 2T Mz < 2" M’z we thus
have, taking into account the fact that J7 = —J, that is, since J* = —J,

MY2IM JMY? < M2 MJIMY?, (8.13)

M"Y M JM™? < M™Y2 MM, (8.14)
Noting that we have

MY2 M TMY? ~ MJIM'J,
MY2IMIM™M? ~ M'JMJ ~ MJM'J,

we can rewrite the relations (8.13) and (8.14) as

MJM' < JMY2JM' JMY?,
M"Y2IM TM™? < MJM'J

and hence, by transitivity
MY2IM TM™? < MY2JM MY, (8.15)
Since we have
MYV2IMIMY? ~ (MJ)? | MY2IM' TM™? ~ (M'J)?

the relation (8.15) is equivalent to (M'J)? < (M J)?, which was to be proven. [
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Let M be a positive-definite and symmetric real matrix 2n x 2n; we denote
by M the ellipsoid in R?" defined by the condition (Mz, z) < 1:

M: {(Mz,z) <1.

In view of Williamson’s theorem there exist S € Sp(n) such that STMS = D
with D = diag[A, A] and that A = diag[M s, ..., An,o] Where (A1,5, ..., An,o) is the
symplectic spectrum of M. It follows that

Z)\jgx +pj )< 1.

j=1
Definition 8.16. The number R,(M) = 1/,/A\1, is called the symplectic radius of
the phase-space ellipsoid M ¢, (M) = 7R2 = m/\1 , is its symplectic area.

The properties of the symplectic area are summarized in the following result,
whose “hard” part follows from Theorem 8.15:

Corollary 8.17. Let M and M/ be two ellipsoids in (R?", o).

(1) If M C M then c;(M) <c,(M');

(ii) For every S € Sp(n) we have ¢x(S(M)) = ¢, (M);

(iii) For every A > 0 we have cy(AM) = A%c, (M).
Proof. (i) Assume that M : (Mz,2) <1land M’ : (M'z,2) < 1. if M C M’ then
M > M’ and hence Spec, (M) > Spec,(M’') in view of the implication (8.12) in
Theorem 8.15; in particular A\ , < Xl,cr'
Let us prove (ii). We have S(M) : (M'z,z) < 1 with §’ = (S™1)TMS~! and M’
thus have the same symplectic spectrum as M in view of Proposition 8.14, (i).
Property (iii) is obvious. O

In the next subsection we generalize the notion of symplectic radius and area

to arbitrary subsets of phase space.

8.3.3 The notion of symplectic capacity

Let us now denote B(R) the phase-space ball |z| < R and by Z;(R) the phase-
space cylinder with radius R based on the conjugate coordinate plane x;, p;:

Zi(R) : &% +p; < R*.
Since we have
Zi(R): (Mz,z) <1

where the matrix M is diagonal and only has two entries different from zero, we
can view Z;(R) as a degenerate ellipsoid with symplectic radius R. This obser-
vation motivates the following definition; recall that Symp(n) is the group of all
symplectomorphisms of the standard symplectic space (R%", o).



8.3. Symplectic Spectrum and Williamson’s Theorem 249

Definition 8.18. A “symplectic capacity” on (R?", ) is a mapping ¢ which to every
subset Q of RE" associates a number ¢ (€2) > 0, or oo, and having the following
properties:

(1) () < () if Q C

(ii) e(f(Q2)) = ¢(Q) for every f € Symp(n);

(iii) c(AQ) = A%¢(Q) for every X € R;

(v) c(B(R)) = c(Z;(R)) = nR®.
When the properties (i)—(iv) above only hold for affine symplectomorphisms f €
ISp(n), we say that ¢ is a “linear symplectic capacity” and we write ¢ = cjip.

While the construction of general symplectic capacities is very difficult (the
existence of any symplectic capacity is equivalent to Gromov’s non-squeezing the-
orem [81] as we will see below), it is reasonably easy to exhibit linear symplectic
capacities; we encourage the reader to work out in detail the two following exercises
(if the need is urgent, a proof can be found in [114] or [91]):

Exercise 8.19. For Q C R?" set

ful@ = swp (T J(B7 () € ), (8.16)
(@) = _int (xR () € Z(R) (8.17)

Show that ¢);, and @i, are linear symplectic capacities.

The linear symplectic capacity ¢;;,, defined in the exercise above can be inter-
preted as follows: for every 2 C R?" the number ¢}, (©2) (which can be +o0) is the
supremum of all the 7R? of phase space balls B(R) that can be “stuffed” inside
(2 using elements of Sp(n) and translations; similarly €, (Q2) is the infimum of all
7mR? such that a cylinder Z;(R) can contain the deformation of 2 by elements of
Sp(n) and translations. It turns out that ¢;;,, and @y, are respectively the smallest
and largest linear symplectic capacities:

Exercise 8.20. Let ¢;;,,(2) and @, () be defined by (8.16) and (8.17). Show that
every linear symplectic capacity cii, on (R?", o) is such that

ain () < cin(Q) < @i ()
for every Q C R2".

We have several times mentioned Gromov’s non-squeezing theorem in this
chapter. It is time now to state it. Let us first define

Definition 8.21. Let Q be an arbitary subset of R?". Let R, be the supremum of
the set
{R: 3f € Symp(n) such that f(B(R)) C 02}.

The number cg () = 7R2 is called “symplectic area” (or “Gromov width”) of Q.
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For r > 0 let
Zi(r) ={z = (z,p) : a5 +p; <r?}

be a cylinder with radius R based on the x;,p; plane.

Theorem 8.22 (Gromov [81]). We have cg(Q2) = mR2; equivalently: there exists
a symplectomorphism f of R2" such that f(B?"(z0,R)) C Z;(r) if and only if
R<r.

(The sufficiency of the condition R < r is trivial since if R < r, then the translation
z — z — 29 sends B*"(2¢, R) to any cylinder Z;(r).)

All known proofs of this theorem are notoriously difficult; Gromov used
pseudo-holomorphic tools to establish it; in addition he showed in his paper [81]
that many results from complex Kéhler geometry remain true in symplectic geom-
etry; his work was continued by several authors and is today a very active branch
of topology.

As pointed out above, Gromov’s theorem and the existence of one single
symplectic capacity are equivalent. Let us prove that Gromov’s theorem implies
that the symplectic area cg indeed is a symplectic capacity:

Corollary 8.23. Let Q C R?" and let R, be the supremum of the set
{R: 3f € Symp(n) such that f(B(R)) C Q2}.

The formulae c(Q) = mR2 if Ry < 00, c(Q) = 00 if R, = 0o, define a symplectic
capacity on (R?" o).

Proof. Let us show that the axioms (i)—(iv) of Definition 8.18 are verified by cg.

Axiom (i) (that is cq(Q) < cq () if Q C ) is trivially verified since a symplec-
tomorphism sending B(R) to € also sends B(R) to any set {2 containing .

Axiom (ii) requires that cq(f(2)) = ca(Q) for every symplectomorphism f; to
prove that this is true, let g € Symp(n) be such that g(B(R)) C Q; then (f o
9)(B(R)) C f() for every f € Symp(n) hence cq(f(R2)) > cc(f2). To prove
the opposite inequality we note that replacing 2 by f~1() leads to cq(Q2)) >
ca(f~1(Q)); since f is arbitrary we have in fact cg(2)) > ca(f(R2)) for every
f € Symp(n).

Axiom (iii), which says that one must have cq(A\2) = M\2cq(Q) for all A € R,
is trivially satisfied if f is linear (cf. Exercise 8.19). To prove it holds true in
the general case as well, first note that it is no restriction to assume A # 0 and
define, for f : R?" — R2" a mapping f by fa(z) = Af(A712). It is clear that
fx is a symplectomorphism if and only f is. The condition f(B(R)) C  being
equivalent to A" fA(AB(R)) C €, that is to fA(B(AR)) C A, it follows that
cc(AQ) = m1(AR,)? = Ncq ().

Let us finally prove that Axiom (iv) is verified by cg(€2). The equality cq(B(R)) =
7mR? is obvious: every ball B(r) with R’ < R is sent into B(R) by the identity
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and if R" > R there exists no f € Symp(n) such that f(B(R')) C B(R) be-
cause symplectomorphisms are volume-preserving. There remains to show that
ca(Z;(R)) = wR?; it is at this point — and only at this point! — we will use
Gromov’s theorem. If R < R then the identity sends B(R') in Z;(R) hence
cc(Z;(R)) < mR?%. Assume that cg(Z;(R)) > mR?; then there exists a ball B(R')
with R’ > R and a symplectomorphism f such that f(B(R’)) C Z;(R) and this
would violate Gromov’s theorem. |

The reader is invited to show that, conversely, the existence of a symplectic
capacity implies Gromov’s theorem:

Exercise 8.24. Assume that you have constructed a symplectic capacity ¢ on
(R?", ). Use the properties of ¢ to prove Gromov’s Theorem 8.22.

The number R, defined by cg(2) = mR2 is called the symplectic radius
of ; that this terminology is consistent with that introduced in Definition 8.16
above follows from the fact that all symplectic capacities (linear or not) agree on
ellipsoids. Let us prove this important property:
Proposition 8.25. Let M : (Mz,z) < 1 be an ellipsoid in R?" and ¢ an arbi-
trary linear symplectic capacity on (RE",U). Let Mg > Xag = -+ 2 Ao be the
symplectic spectrum of the symmetric matriz M. We have

T

(M) = o Crin(M) (8.18)

where cyy, s any linear symplectic capacity.

Proof. Let us choose S € Sp(n) such that the matrix STMS = D is in Williamson
normal form; S~1(M) is thus the ellipsoid

n

> Nolad+p) <L (8.19)

j=1
Since c¢(S™H(M)) = ¢(M) it is sufficient to assume that the ellipsoid M is repre-
sented by (8.19). In view of the double inequality

n n

Ao (22 +p2) < Z (23 +93) < Ao D (27 + 1)) (8.20)

j=1 j=1
we have
B\ Y3 cMcz(\ Y3,

hence, using the monotonicity axiom (i) for symplectic capacities,

c(B(A-Y?)) c e(M) C (Z(A;Y2)).

The first equality in formula (8.18) now follows from Gromov’s Theorem 8.22;

the second equality is obvious since we have put M in normal form using a linear
symplectomorphism. O



252 Chapter 8. The Uncertainty Principle

8.3.4 Admissible covariance matrices

From now on we assume that

_ |Xxx Xxp T
D= {pr Epp]  Spx =395, (8.21)

is a real, symmetric, and positive definite 2n x 2n matrix. Observe that since
JT = —J the matrix ¥ + igJ is Hermitian:

(S+ikn) =2 —ilJ" =5 +ikJ.

It follows, in particular, that all the eigenvalues of ¥ + i%J are real.
The following Definition 8.26 of quantum mechanically admissible covariance
matrices is due to Simon et al. [152]:

Definition 8.26. We will say that a real symmetric 2n X 2n matrix ¥ is “quantum
mechanically admissible” (or, for short: “admissible”) if it satisfies the condition

Y +i2J is positive semi-definite. (8.22)

The property for a covariance matrix to be admissible is invariant under
linear symplectic transformations: the equality S”JS = J implies that

SuST +ik g =S(2+ikJ)ST

and the Hermitian matrix SE.57 + i%J is thus semi-definite positive if and only
Y ilJ is.

We are going to restate the quantum admissibility condition (8.22) in terms
of the symplectic spectrum of 3, i.e., in terms of the eigenvalues +i)s ;, Ao ; > 0
of JX. The result is the starting point of our phase space quantization scheme.

Proposition 8.27. The matriz ¥ > 0 is quantum mechanically admissible if and
only if the moduli Ay ; of the eigenvalues of J¥ are > %ﬁ, that is, if and only if
the symplectic spectrum of % satisfies

Spec,(X) > (3h, 1k, ..., h).

Proof. Let us choose S € Sp(n) such that ST¥S = D is in Williamson diagonal
form. In view of the discussion above the condition ¥ + i%J > 0 is equivalent
to D +i2J > 0. The characteristic polynomial P(A) of D +i2J > 0is P(X) =
P1(A) - - Pp(X) where

Pi(A) = N =20, A+ A2, — 1R

and (Ag.1,...,Asp) is the symplectic spectrum of X. The eigenvalues of D + i%J
are thus the numbers \; = A\, ; £ % > 0; the condition ¥ + i%J > 0 means that
Aj > 0for j=1,...,n and is thus equivalent to A\, ; > %h forj=1,...,n. O
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Let us illustrate this characterization of admissibility in the case n = 1:

Example 8.28. Consider the 2 x 2 matrix from Example 8.4. The characteristic
polynomial of JX is

P(A) = X = (A% = (AX)*(AP)?)).

Since X > 0 its roots As,1, As,2 must be purely imaginary, hence the condition that
[Ao1| > & and [\, 2| > 2 is equivalent to the inequality

(AX)*(AP)* > A% + 1h% (8.23)

This example shows that when n = 1 the condition of quantum admissibility
defined above is equivalent to the inequality (8.23); the latter implies the “house-
hold” version AXAP > %h of the uncertainty principle, but is not equivalent to
it. It turns out that it is actually (8.23) which is the ¢rue uncertainty principle of
quantum mechanics, and not the weaker textbook inequality AXAP > %h

This observation is actually true in arbitrary phase space dimension 2n. More
precisely, if the covariance matrix ¥ is quantum mechanically admissible, then

(AX;)*(AP;)? > A% + 112 (8.24)
for j =1,2,...,n. We leave the proof of this property as an exercise:

Exercise 8.29. Prove that if ¥ is a quantum-mechanically admissible covariance
matrix, then the inequalities (8.24) hold. [Hint: For every € > 0 the Hermitian
matrix X =X+l + %th is definite positive, hence every principal minor of ¥,
is positive.]

8.4 Wigner Ellipsoids

In this section we take a crucial step by rewriting the uncertainty principle in a
simple geometric form, using the notion of symplectic capacity.

8.4.1 Phase space ellipsoids

We begin by noting that the datum of a real symmetric positive definite matrix
is equivalent to that of a definite quadratic form, that is, ultimately, to that of an
ellipsoid. This remark justifies the following definition:

Definition 8.30. Let ¥ be a quantum-mechanically admissible covariance matrix
associated to a random variable Z such that (Z) = z. We will call the subset

Wy : 35 Hz—2),z—2) <1 (8.25)

of R?" the “Wigner ellipsoid” associated to Z. (Beware the factor 1/2 in the
left-hand side!) We will say that Wy, is a “centered Wigner ellipsoid” if z = 0.
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Here is a trivial example, which is nevertheless useful to keep in mind:

Example 8.31. Consider the bivariate normal probability density

1 2 2
p(x,p) = exp [—% (i—z + %)} :

2roL0p

To p we associate the Wigner ellipsoid
2 2
(mre) <t

The following criterion easily follows from Definition 8.26 of an admissible
ellipsoid:

Lemma 8.32. Let M : (M(z — 2),z — 2) < 1 be an ellipsoid in (R*",0). M is a
Wigner ellipsoid if and only if the symplectic spectrum (fo1,- .-, pon) of M is
such that g ; < h forj=1,...,n:

Spec, (M) < (h, A, ..., h).

Proof. Define a symmetric positive-definite matrix ¥ by M = iX~!. Let
(M,oy -y A10) be the symplectic spectrum of ¥; then ()\17)(1,, e

of 71 (see Proposition 8.14) hence the symplectic spectrum of M is
(Ho1s- s fhom) = (%)\1_},, e %)\1_},)

The matrix X is admissible if and only if A; » > %h for every j and this is equivalent
to the conditions p, ; < h for every j. ]

We are going to see that Wigner ellipsoids have quite remarkable properties;
in particular they will allow us to give a purely geometrical statement of the
uncertainty principle. We will for instance prove that:

An ellipsoid in R*" is a Wigner ellipsoid if and only if its intersection
with any affine symplectic plane passing through its center has area at
least 1h.

2

Let us begin by reviewing some very basic facts about matrices and ellipsoids.
Recall that a Hermitian matrix M is positive-definite (M > 0) if the two following
equivalent conditions are satisfied:

o (Mz,z) >0 for every z # 0;
e Every eigenvalue of M is > 0.
Similarly, M is semi-definite positive (M > 0) if these two conditions hold with >

replaced by >. When M — M’ > 0 (resp. M — M’ > 0) we will write M > M’ or
M’ < M (resp. M > M’ or M' < M).
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Let M: (Mz,z) <1and M’ : (M’z,z) <1 be two concentric ellipsoids. We

obviously have
McCM < M>M.

If M and M’ no longer are concentric it is trivially false that M > M’ implies
M C M. The converse however remains true:
Lemma 8.33. Let M: (M(z—2),z—2) <1 and M' : (M'(z—2),2—2") <1 be
two ellipsoids. If M C M, then M > M’ and we can translate M so that it becomes
an ellipsoid M" contained in and concentric with M.

Proof. The statement being invariant under a translation of both ellipsoids by a
same vector it is no restriction to assume that z’ = 0. The inclusion M C M’ is
equivalent to the inequality

<M(Z - 2)72 - Z> > <M’Z,Z>

for all z, that is to

(M —M"z,2) >2(Mz,z) — (Mz, %) (8.26)
for all z. Suppose that we do not have M > M’. Then there exists zg # 0 such
that (M — M')zg, z0) < 0. The inequality (8.26) implies that we have

N2 ((M — M)z, 20) > 2X (M 29, 2) — (MZ, 2)

for every A € R; dividing both sides of this inequality by A\? and letting thereafter
A — oo we get (M — M')zp,2z0) > 0 which is only possible if zo = 0. This

contradiction shows that M > M’, as claimed. The second statement in the lemma
immediately follows. O

8.4.2 Wigner ellipsoids and quantum blobs

The image of an ellipsoid by an invertible linear transformation is still an ellipsoid.
Particularly interesting are the ellipsoids obtained by deforming a ball in (R?", o)
using elements of Sp(n).
We will denote by B?"(2¢, R) the closed ball in R?" with center zy and radius
R; when the ball is centered at the origin, i.e., when zg = 0, we will simply write
B?"(R).
Definition 8.34.
(i) A “symplectic ball” B>" in (R?", o) is the image of a ball B>"(z¢, R) by some
S € Sp(n); we will say that R is the radius of B*" and Sz its center.
(i) A “quantum blob” Q2" is any symplectic ball with radius

Vh: Q™ = (B (20, Vh)).

We will drop any reference to the dimension when no confusion can arise, and
drop the superscript 2n and write B(zo, R), B, Q instead of B(zo, R), B®", Q".
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The definition of a symplectic ball can evidently be written as
B*" = S(B*"(20, R)) = T(S20)S(B**(R))
for some S € Sp(n) and zy € R?"; T(Sz2) is the translation z — z+Szg. That is:

A symplectic ball with radius R in (R*™, ) is the image of B*(R) by
an element of the affine symplectic group ISp(n).

For instance, since the elements of Sp(1) are just the area preserving linear au-
tomorphisms of R?, a symplectic ball (respectively, a quantum blob) in the plane
is just any phase plane ellipse with area mR? (respectively %h) For arbitrary n
we note that since symplectomorphisms are volume-preserving (they have deter-
minant equal to 1) the volume of a quantum blob is just the volume of the ball

B?"(v/h). Since

Vol B*(R) = - R?",
n!
the volume of a quantum blob is thus
2n __ (ﬂ-h)n _ h2n

(It is thus smaller than that of the cubic “quantum cells” used in statistical me-
chanics by a factor of n!2™.)

Lemma 8.35. An ellipsoid M : (Mz,z) < 1 in R?" is a symplectic ball with radius
one if and only M € Sp(n) and we then have M = S(B(1)) with M = (SST)~1.

Proof. Assume that M = S(B(1). Then M is the set of all z € R?" such that
(57'2,8712) < lhence M = (57T S~ is a symmetric definite-positive symplec-
tic matrix. Assume conversely that M € Sp(n). Since M > 0 we also have M~ > 0
and there exists S € Sp(n) such that M~! = SST. Hence M : (§7'z,5712) <1
is just S(B(1). O

Another very useful observation is that we do not need all symplectic matrices
to produce all symplectic balls:

Lemma 8.36. For every centered symplectic ball B> = S(B?"(R)) there exist
unique real symmetric n X n matrices L (det L # 0) and Q such that B*" =
So(B*(R)) and

So = [g L(ll] € Sp(n). (8.28)

Proof. In view of Corollary 2.30 in Chapter 2, Subsection 2.2.2 we can factorize
S € Sp(n) as S = SoU where U € U(n) and Sy is of the type (8.28). The claim
follows since U(B?*(R)) = B?"(R). (That L and @ are uniquely defined is clear
for if So(B*"(R)) = SH(B**(R)) then Sp(S))~! € U(n) and S}, can only be of the
type (8.28) if it is identical to Sp.) O
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The proof above shows that every symplectic ball (and hence every quantum
blob) can be obtained from a ball with the same radius by first performing a
symplectic rotation which takes it into another ball, and by thereafter applying
two successive symplectic transformations of the simple types

M=o ] e | 0] wtnp—pn,
the first of these transformations is essentially a symplectic rescaling of the coor-
dinates, and the second a “symplectic shear”.

One of the main interests of quantum blobs comes from the following property
which shows that, if we cut a quantum blob by an affine symplectic plane, we will
always obtain an ellipse with area exactly %h. Assuredly, this property is not really
intuitive: if we cut an arbitrary ellipsoid in R™ by 2-planes, we will always get
elliptic sections, but these do not usually have the same areas! Here is a direct

elementary proof. It is of course sufficient to assume that the ball is centered at 0.

Proposition 8.37. The intersection of B = S(B(R)) with a symplectic plane P is
an ellipse with area TR?. Hence the intersection of a quantum blob with any affine
symplectic plane has area at most %h (and equal to %h if that plane passes through
the center of that blob).

Proof. We have BNP = Sjp/(B(R) NP') where Sjp is the restriction of S to the
symplectic plane P = S~1(P). The intersection B(R) NP’ is a circle with area 7R?
and Sjpr is a symplectic isomorphism P’ — P, and is hence area preserving. The
area of the ellipse B NP is thus 7R? as claimed. g

This property is actually a particular case of a more general result, which
shows that the intersection of a symplectic ball with any symplectic subspace is a
symplectic ball of this subspace. We will prove this in detail below (Theorem 8.41).

We urge the reader to notice that the assumption that we are cutting
S(B?"(R)) with symplectic planes is essential. The following exercise provides
a counterexample which shows that the conclusion of Proposition 8.37 is falsified
if we intersect S(B*"(R)) with a plane that is not symplectic.

Exercise 8.38. Assume n = 2 and take S = diag[A1, A2, 1/A1,1/A2] with Ay > 0,
A2 > 0, and Ay # Xo. Show that S is symplectic, but that the intersection of
S(B*(R)) with the z2, p; plane (which is not conjugate) does not have area 7R2.

The assumption that S is symplectic is also essential in Proposition 8.37:

Exercise 8.39. Assume that we swap the two last diagonal entries of the matrix S
in the exercise above so that it becomes S’ = diag[A1, A2, 1/A2,1/A\1].

(i) Show that S’ is not symplectic;

(ii) show that the section S’(B?"(R)) by the symplectic z2,p> plane does not
have area mR?.
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From Proposition 8.37 we deduce the following important characterizations
of Wigner ellipsoids:

Theorem 8.40. Let M : (M(z —2),z — 2) < 1 be an ellipsoid in R?". The three
following statements are equivalent:

(i) M is a Wigner ellipsoid Wy;
(ii) M contains a quantum blob Q;
(iii) There exists S € Sp(n) such that M < hSTS.

Proof. Tt is no restriction to assume that the ellipsoid M is centered at zg = 0.

Let us prove the implication (i) = (ii). In view of Lemma 8.32 the symplectic
spectrum (lo,1,-- -, fon) of M is such that p,; < h for 1 < j < n; setting
R% = 1/15,; this means that there exists S € Sp(n) such that

STHM) Y po(ad +p3) <1,
j=1

hence S~1(M) contains the ball B (u;j/ %) since u;jl/ > > /R it contains a fortiori

B(vh) and hence M O S(B(V/h).

Let us next prove that (ii) = (iii). Assume that M contains a quantum blob
Q; In view of Lemma 8.33 we may assume that this quantum blob has the same
center as M, that is Q = S(B(vh)). By definition, we can find S’ € Sp(n) such
that Q = S’ (B(v/h)); we have z € Q if and only if

(818" tz,2) < h
so the inclusion S’(B(v/h)) C M is equivalent to the inequality
F{(ST)(S") 12, 2) < (Mz,z) for every z
1

and hence to (S'7)~1(S")~! < M; set now S = (§")~ L.

There remains to prove that (iii) =>(i). Recall from Lemma 8.32 that M is a
Wigner ellipsoid if and only if the eigenvalues +ipo,; (tto,; > 0) of JM are such
that pe; < h. Suppose that M < hSTS, then by Theorem 8.15 of Chapter we
have py,; < Ay ; where the £iX, ; (As,; > 0) are the eigenvalues of J(hSTS) = hJ.
The latter being +ih we have ps ; < A. 0

8.4.3 Wigner ellipsoids of subsystems

Physically the phase space R?" corresponds to a system with “n degrees of free-
dom”. For instance, if we are dealing with N particles moving without constraints
in three-dimensional physical space we would take n = 3N. Often one is not in-
terested in the total system, but only in a part thereof: we are then working with
a subsystem having a smaller number of freedoms; we postulate that the phase
space of that subsystem is R2* for some k < n.
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We begin by proving the following extension of Proposition 8.37:

Theorem 8.41. Let B*" = S(B*"(R)) be a symplectic ball and (F, o) a 2k-dim-
ensional symplectic subspace of (R2", ).

(i) There exists Sp € Sp(F,or) such that B*" NF = Sp(B**(R)) where B*(R)
1s the ball with radius R in F centered at 0.

(ii) Conversely if B** = Sp(B?*(R)) for some Sy € Sp(F, o), then there exists
S € Sp(n) such that B** =F N S(B*"(R)).

Proof. (i) Let B and B’ be orthosymplectic bases of (R?", o) such that the subsets
B]F = {617"'76k;f13"'7fk7} ’ B]F’ = {ella"we;g;f{?“’fllg}

are bases of F and F/ = S~1(F), respectively and define U € U(n) by the conditions
Ule;) = ei, U(f;) = fj for 1 < 4,5 < n; clearly Ujp = (F',0p) — (F,0pp). Let

(2

Sir be the restriction of S to /. We claim that
Sp = S oU € Sp(F, o)
is such that Sp(B?*(R) = B** NF. We have, since U~!(B?"(R) = B?"(R),

B> NF = S (B> (R) NF)
= (Sjp o U)(UH(B*"(R))
= S=(B*"(R))

as claimed.

(ii) Assume conversely that there exists Sg € Sp(IF,or) such that
B* = Sp(B*(R)).
Define S € Sp(n) by the conditions S = Sjr and S(z) = z for z ¢ F. We have
Sg(B*(R)) = Sp(B**(R)NF) = Sx(B*"(R) NF)
that is, since Sp(F) =T,
Se(B*(R)) = S(B*"(R)) NF. O
An ellipsoid M of R?" containing a Wigner ellipsoid Wy, is itself a Wigner
ellipsoid: this is an obvious consequence of the definition, for if S(B%"(zq,Vh)) C

Wy then S(B?"(z0,vh)) C M. (Notice that this property does not even require
that M and Wy, be concentric in view of Lemma 8.33).
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More generally:
Proposition 8.42. Let M : (Mz,z) <1 be an ellipsoid in R*".
(i) If M is a Wigner ellipsoid Wy, then M NF for every symplectic subspace
(F, o) of (RZ",0).
(ii) Let (F1,01),.-., (Fm,0om) (05 = oy, for j = 1,...,m) be symplectic sub-
spaces of (R?", ) such that

(F1,01) & & (Fm, 0m) = (RZ", 0).

M is a Wigner ellipsoid if and only if each M NTF; is a Wigner ellipsoid in
(Fj,O’j) f07“ 1 S ] S m.

Proof. (i) In view of Theorem 8.40 above Wy contains a quantum blob Q hence
Ws N'F contains the set Q N F which is a quantum blob in Wy N F by Theorem
8.41. A new use of Theorem 8.40 implies that Wy, N is a Wigner ellipsoid in F.
(ii) The case m = 1 is trivial and it is sufficient to give the proof for m = 2, the
general case following by an immediate induction on the number of terms in the
direct sum. Writing

(R2",0) = (F1,01) ® (Fa,02)
with dimF; = 2n, and dimFy = 2n,, we thus assume that Wy, NF; and Wy N,
are Wigner ellipsoids in F; and 9 respectively. Let us prove that Wy, contains a
quantum blob Q?”, and is thus a Wigner ellipsoid. In view of Theorem 8.40 we
can find Sy € Sp(F1,01) and Sy € Sp(F2, 02) such that

Q2n1 = Sl(anl(\/ﬁ)) Cc Wy NIy
and
Q%2 = S5(B?*2(V'h)) € Wy N TFs.
Set now S = S @ Sy and Q*" = S(B?*(v/h)). We claim that Q** € Wy; this will

prove (ii). Let z € Q2", that is |Sz|?> < h; writing 2z = 21 + 22 with z; € F; and
29 € Fy we have |S121|? + |Sa22|? < A, hence

21 €Q*™ CWxnFy , 20 € Q™ Cc WyNF,
so that
S (WE ﬂFl) + (WE QFQ) C Wy
and Q%" C Wy, as claimed. O

The following consequence of Proposition 8.42 is immediate:

Corollary 8.43.
(i) An ellipsoid M : (Mz,z) <1 in (R?",0) is a Wigner ellipsoid if and only if
there exists symplectic planes P1,... Py with P; NP; =0 for i # j such that
the area of M NP; is at least %h for each j.
(ii) If this condition is satisfied, then the area of MNP is at least %h for every
symplectic plane in (R*", o).
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Proof. The conditions P; NIP; = 0 for i # j are equivalent to R2" =P & - B Py;
it now suffices to apply Proposition 8.42 and to remark that an ellipse in P; with
area > %h is trivially a Wigner ellipsoid. (|

This corollary shows that if one wants to check whether an ellipsoid M :
(Mz,z) <1isa Wigner ellipsoid, it suffices to cut it with the n conjugate coordi-
nate planes z;, p;. The property obviously extends to the case of general ellipsoids

M:(M(z-2),(z—2)) <1

replacing the symplectic planes Py, ..., P, by affine symplectic planes through Z.

8.4.4 Uncertainty and symplectic capacity

The reader has certainly been very pleased to learn that one can express the
uncertainty inequalities

(AXj)2(APj)2 > Cov(Xj,Pj)2 n ifﬂ

very concisely by a statement on the covariance matrix: these relations are equiva-
lent to +i%J > 0. We are going to do even better, and express these inequalities
in a very concise form using the notion of symplectic capacity introduced in Sub-
section 8.3.3.

Theorem 8.44. An ellipsoid M in R?" is a Wigner ellipsoid if and only if

(M) > Lh (8.29)

1
2
for every symplectic capacity ¢ on R?".

Proof. In view of Proposition 8.25, condition (8.29) is equivalent to the inequality
¢(My) > %h. But this is, in turn, equivalent to saying that there exists a quantum

blob Q?" = S(B?" (20, V1) contained in M. O

The case where we have equality in (8.29) deserves some very special atten-
tion. When n = 1 the equality ¢(Mx) = 2% means that the area of the Wigner
ellipse associated to the covariance matrix is exactly %h and we thus have equality
in the Heisenberg uncertainty relation:

(Az)*(Ap)? = A® + 1n%
We are going to see that the limiting case ¢(My) = %h has a quite interesting
property.

Proposition 8.45. A Wigner ellipsoid Wy, for which ¢(Wx) = %h contains a unique
quantum blob Q™.
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Proof. Tt is no restriction to assume that Wy is a centered ellipsoid in normal
form; relabeling if necessary the symplectic coordinates, the condition ¢(Wy) = %
means that Wy is the set of all points (x,p) such that

1 1
sl o)+ D RQ(I +p7) <1

2<j<n

with R? > h. Assume that there exists a quantum blob Q" = S(B?"(z,v/h)
contained in M. It follows from Corollary 8.43 that we must then have zo = 0.
Let S,8" € Sp(n) and zp € R?" be such that S(B**(vh)) € Wy and
S'(B?>"(vh)) € Ws. In view of Proposition 8.12 we then have S(S)~' € U(n)
hence S(B?*"(v/h)) = S (B**(\V/h). O

Let us end this subsection by shortly discussing the notion of joint quan-
tum probability. Some quantum physicists contend that there is no true collective
(“joint”) probability density for pairs of conjugate observables, say X and P when
n = 1. It is in fact possible to construct infinitely many density probabilities p
having arbitrary densities px and pp as marginal probability densities, as the
following exercise shows:

Exercise 8.46. Suppose n =1 and let px and pp be defined as above and set

p(z) = px(@)pp(p)(1 - f(u(z),v(p)))

where f is an arbitrary function and

z P

uw)= [ pxtais’ o) = [ prte)an
— 00 — 00

Show that p is a probability density on R? whose marginal probability densities

are px and pp. Extend this result to any n.

We will see in Chapter 10, when we study the phase-space Schrédinger equa-
tion, that one actually can associate to a normalized state ¥ a quantum phase
space probability density whose marginal densities are precisely |1|? and |Fy|? in
the limit A — 0.

8.5 (Gaussian States

Among all states of a quantum system, Gaussian states are certainly among the
most interesting, and this not only because they are easy to calculate with: in
addition to the fact that Gaussian states play a pivotal role in many parts of
quantum mechanics (e.g. quantum optics) they will allow us to connect the notions
of quantum blobs and Wigner ellipsoid to the density operator machinery.
Schrodinger introduced the notion of coherent states (but the name was
coined by Glauber) in 1926 as the states of the quantized harmonic oscillator
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that minimized the uncertainty relations. Lisiecki [105] gives a very interesting
survey of coherent state representations.

We will use the following classical result about the Fourier transform of a
complex Gaussian:

Let M be a symmetric complex m x m matrix such that Re M > 0. We have

(2717_h)m/2/ef%w’weiﬁ(MU’v)de _ (det M)*l/QefﬁUVIilu*“) (830)

where (det M)~1/2 is given by the formula

(det M)~1/2 = \[M2 A1,
the numbers )\1_1/2, ey )\;11/2 being the square roots with positive real parts of
the eigenvalues A ', ..., A\t of M~1
Formula (8.30) can be easily proven using the standard Gauss integral

/ e~ 2y = V2T

and diagonalizing of M.

8.5.1 The Wigner transform of a Gaussian

Let us in fact explicitly calculate the Wigner transform
Wie) = ()" [ R0+ Jo)ile — T’y
of a Gaussian of the type

1 ,
V() = e~ 2 (X +iY)z,z) (8.31)
where X and Y are real symmetric n x n matrices, X > 0.

Proposition 8.47. Let v be the Gaussian (8.31). Then:
(i) The Wigner transform W1 is the phase space Gaussian

1
Wi(z) = ()" (det X)~/2e 5 (G=2) (8.32)

where G is the symmetric matrix

X+YXly vx-!
G = [ -1y i ] . (8.33)

(ii) The matriz G is in addition positive definite and symplectic; in fact G = ST S
where

X2 0
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Proof. Set M = X + Y. By definition of the Wigner transform we have
Wep(z) = (ﬁ)"/ef%<p,y>efﬁF<x,y>dny

where

F(z,y) = (M(z+ 5y), 2+ 59) + (M(@ = 39),7 = 59)

=
=2(Xz,z) + 2i(Y,y) + 3(Xy,y)

and hence
Wip(z) = (L)"e—%@%w) /e—%<p+Yw=y>€—%h(Xy,y>dny.
In view of formula (8.30) above we have

/67%<p+Yz»y>e*ﬁ<Xy’y>dny _ (27rﬁ)n/2 [det(%X)]*l/z

xexp [~ H(X 'p+Yz),p+Yuz)]

and hence
n l
Wih(z) = (71'1h) 2 (det X)_l/%ihwz’z>

where
(Gz,2) = (X +YX Nz, z) + 2(X " 'Ya,p) + (X 'p,p);

this proves part (i) of the proposition. The symmetry of G is of course obvious.

Property (ii) immediately follows since

X+YXlY YXTY  [XV?2 yxVER[ X2 0
X—ly X—l - 0 X—1/2 X—1/2Y X—1/2
and
X2 0
S= x-12y x-1/2
obviously is symplectic. (|

The function (8.31) is not normalized; in fact a straightforward calculation
(using for instance formula (8.30)) shows that

—1/2
Wllzages) = [ lwte)ans = ()" (835)
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Corollary 8.48. The Wigner transform of the normalized Gaussian

1/4 '
bo(z) = (%X) exp [~ (X +iY)z, 2)] (8.36)
is given by the formula

Wiko(2) = ()" e 76" (8.37)

T

where G is the symplectic matriz (8.33).
Proof. This immediately follows from Proposition 8.47 and formula (8.35). O

It follows, as announced in Chapter 6, that the Wigner transform of a Gaus-
sian always is a positive function. It is noticeable that, conversely, if 1 is a function
such that W1 > 0, then ¢ must be a Gaussian, of the type ¢ (z) = Cexp [-Q(z)]
where C' is a complex number and @ a positive definite quadratic form (this is a
well-known result going back to Hudson [94]).

Exercise 8.49. Verify that we have [ Wapg(2)d?"z = 1 when )y is the normalized
Gaussian (8.36).

8.5.2 Gaussians and quantum blobs

There is a fundamental relationship between Gaussians and quantum blobs. Let
us introduce some notation.

We will denote by Gaussg(n) the set of all centered and normalized Gaussians
(8.31) and by Blobg(n) the set of all quantum blobs centered at zy = 0.

Recall from Chapter 2, Subsection 2.2.2, that every symplectic matrix can
be factored as S = SyR where

So = [g qu] and R — [_UV g] (8.38)
the blocks L, @, U and V being given by
L = (AAT + BBT)Y/2, (8.39)
U+iV = (AAT + BBT)"Y/2(A +iB), (8.40)
Q = (CAT + DBT)(AAT + BBT)~1/2, (8.41)

Theorem 8.50. The mapping Q(-) which to every centered Gaussian ¢ associates
the quantum blob Q(p) = S(B*"(Vh)) where S is defined by (8.34) is a bijection.

Proof. In view of Lemma 8.36 every quantum blob Q = S(B(v/h)) can be written,
in a unique way as Q = So(B?*"(v/h)) where Sy is given by formula (8.38). Set now
X =IL?andY = LQ. Since Sy is symplectic we must have LQ = QL hence both X
and Y are symmetric. This shows that Q = Q(v)) where 9 is the Gaussian (8.31).
The mapping Q(-) is thus surjective. It is also injective because Sy is uniquely
determined by Q by the already quoted Lemma 8.36. g
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The extension of Theorem 8.50 to the case of Gaussians with an arbitrary
center is straightforward.

A remarkable consequence of these results is that we can associate in a canon-
ical manner a “companion Gaussian state” to every quantum mechanically admis-
sible ellipsoid with minimum capacity %h:

Corollary 8.51. Let B be an admissible ellipsoid with ¢(B) = %h. Then there exists
a unique Yp € Gaussg(n) such that

1
Wips(z) = (F)" e n( @ G =9"5 (8.42)

where S € Sp(n) is any symplectic matriz such that S(B(V/h)) C B.

Proof. We must check that the right-hand side of (8.42) is independent of the
choice of the symplectic matrix .S putting M in the Williamson diagonal form. Let
S and S’ be two such choices; in view of Proposition 8.12 there exists U € U(n)
such that S = US’ and hence

(8TS2,2) = (STUTUS 2, 2) = (ST Sz, 2)

whence the result. O

8.5.3 Averaging over quantum blobs

An important question in any pseudo-differential calculus is that of the pos-
itivity of operators: an operator A : S(R}) — S'(R?) is positive: A > 0 if
(A9, ) L2mny > 0 for all ¢ € S(RY) (the L?-scalar product is interpreted in the

sense of distributions and should be viewed as the distributional bracket </Alw, E>)

1~ e
It turns out that the Weyl correspondence a Nyl 4 does not preserve positivity
in the sense that the condition a > 0 does not ensure A > 0, and conversely. Here
is a simple example in the case n = 1:

Example 8.52. Let H = %(p? + 2?) and H = 1(—h202 + 2?) be the associated
Weyl operator. The functions ¢y (z) = hn(z/VR)e " /2VE (hy the Nth Hermite
function) form a complete orthonormal system and the corresponding eigenvalues
are Ay = (N + %)h Set now a = H — %h; then Ay = Nhpy hence A > 0; but
a is not a positive function.

We will see that this fact is not a weakness of Weyl calculus but rather a
manifestation of the uncertainty principle, which can be alleviated by averaging the
symbol a over a quantum blob in a sense to be defined. Let us however mention that
if a > 0 and belongs to some of the standard pseudo-differential classes S (R2™)
with 0 < § < p <1, then one proves that A is the sum of a positive operator with
positive symbol in S;%(]Rg") and of an operator with symbol in S:?g(pﬂ;) (R2")
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(see Folland [42], Chapter 2, §6; for related results see Fefferman and Phong [41]
and the references therein).

The possible non-positivity of the Weyl operator associated to a positive sym-
bol is of course related to the generic non-positivity of the Wigner transform: recall
(formula (6.70) in Proposition 6.45, Chapter 6) that the mathematical expectation
of Ain a (normalized) state 1) is, when defined, given by the formula

(A)y = / W (2)a(z)d* 2.

It has been known since de Bruijn [17] that the “average” W1 x O over a
Gaussian ®p(z) = e~ 12*/B” satisfies

Wis®r>0if R?=h, Wy« Pr > 0if R? > k; (8.43)

this actually follows from a positivity result for convolutions of Wigner transforms:

Proposition 8.53. Let ¢, ¢ € S(R?). We have Wi « W > 0; more precisely
Wi« We = (2nh)" [Wo (4, ¢")|* 2 0 (8.44)

where ¢¥(x) = ¢(—x) and W,(v,9") is the symplectic Fourier transform of
Wo (¢, 7).

Proof. Observing that W¢¥ = (W)Y we have
Wi« We(z) = /W¢(z — YW )d*" 2!
= /Ww(z + 2 YWo(—2")d*" 2
= / T(—2)We (2 YWY (2)d*" 2
that is, since T(—z)Wv = W (T(—z)v),
W Woz) = [ WE(-2))()We" ()"
In view of the Moyal identity we thus have

W« Wo(2) = ()" [(T(=2)0, 6 ) L2y > 0.

Let us prove the identity (8.44). By definition of 7/(—z)i we have

(T(=2)0, ") 12 ey = / et P =3P (o) 4 )GV (2 )d e
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. o 1 ..
Setting x’ = y — 5 this is
(0.6 )y = [ H0 00y + L)y - da)d"a’

which is precisely y — %:E in view of Lemma 6.41 in Section 6.4, Chapter 6. |

Let us extend de Bruijn’s result (8.43) to arbitrary Gaussians. To any sym-
metric 2n X 2n matrix X > 0 we associate the normalized Gaussian py, defined by

1 —1
ps(2) = (gh)" (det ) 1/2e72m (37" 25),

A straightforward calculation shows that py; has integral 1 (and is hence a proba-
bility density); computing the Fourier transform of py; * py using formula (8.30)
one moreover easily verifies that

Py * Py = Py43 (845)

(see Appendix D).

Proposition 8.54. Let X be a covariance matriz and My, the associated ellipsoid.

(i) If there exists S € Sp(n) such that My, = S(B(V'h)) (and hence ¢(Ms) = 1h)
then Wb x ps; > 0.
(ii) If ¢(Ms) > +h, then W % py; > 0.

Proof. (i) The condition My, = S(B(v/h)) is equivalent to ¥ = +STS and hence
there exists a Gaussian ¢y y € L*(R?) such that ps = Wix y. It follows from
(8.44) that we have

Wi ps =Wy Wipxy >0

which proves the assertion.

(i) If ¢(Mx) > 1h, then there exists S € Sp(n) such that My contains My, =
S(B(Vh)) as a proper subset; it follows that ¥ — Xy > 0 and hence

Wip* ps = (W) ps,) * pe_x, >0
which was to be proven. O

Using Proposition 8.54 we can prove a positivity result for the average of Weyl
operators with positive symbol. This result is actually no more than a predictable
generalization of calculations that can be found elsewhere (a good summary being
[42]); it however very clearly shows that phase space “coarse graining” by ellipsoids
with symplectic capacity > %h (and in particular by quantum blobs) eliminates
positivity difficulties appearing in Weyl calculus: we are going to see that the
Gaussian average of a symbol a > 0 over an ellipsoid with symplectic capacity
> %h always leads to a positive operator:
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Corollary 8.55. Assume that a > 0. If ¢(My) > %h, then the operator As, ey

a * px satisfies N
(As¥,¥)r2(®n) >0
for all ¢ € S(RZ).

Proof. In view of formula (6.71) (Subsection 6.4.2, Chapter 6) we have

(A, 9) 2(ry) = / (a % px) ()W (2)d,

hence, taking into account the fact that ps is an even function,

(A\Zl/’»l/’)L?(Rg) = // a(u)ps(z — u)Wi(z)d"ud"z

/ alu) ( / ps(u— z)W1/1(z)d"z> d"u

- / a(u) (o * W) (w)d™.

In view of Proposition 8.54 we have W1 % py, > 0, hence the result. (|

Let us illustrate this result on a simple and (hopefully) suggestive example.
Consider the harmonic oscillator Hamiltonian

1
H(z) = %(p2+m2w2x2) ,m>0,w>0

(with n = 1) and choose for ps the Gaussian

1 s p®),

po(2) = DY)

Set H, = H * py; a straightforward calculation yields the sharp lower bound

o2

H,(2) = H(2) + —(1 +mw?) > H(2) + c*w.

2m
Assume that the ellipsoid (22 +p?)/202 < 1 is admissible; this is equivalent to the
condition g2 > %h and hence H,(z) > %hw: we have thus recovered the ground
state energy of the one-dimensional harmonic oscillator. We leave it to the reader
to check that we would still get the same result if we had used a more general
Gaussian py. instead of p,. We leave it to the reader to generalize this result to a
quadratic Hamiltonian by using Williamson’s symplectic diagonalization theorem.






Chapter 9

The Density Operator

One of the traditional approaches to quantum mechanics, common to most in-
troductory textbooks, starts with a discussion of de Broglie’s matter waves, and
then proceeds to exhibit the wave equation governing their evolution, which is
Schrodinger’s equation. We prefer an algebraic approach, based on the Heisenberg
group and its representations. Here is why. Schrodinger’s equation

O /RPN

ih 5 Hy
describes the evolution of the matter wave 1 in terms of a self-adjoint operator H
associated to a Hamiltonian function by some “quantization rule”. For instance,
when H is of the physical type “kinetic energy + potential” one replaces the
momentum coordinates p; by the differential operator —ihd/0x; and to let the
position coordinates x; stand as they are. Now, if we believe — and we have every
reason to do so — that quantum mechanics supersedes classical mechanics as be-
ing the “better theory”, we are in trouble from a logical point of view, and risk
inconsistencies. This is because if we view quantum mechanics as the quest for an
algorithm for attaching a self-adjoint operator to a function (or “symbol”, to use
the terminology of the theory of pseudo-differential operators) we are at risk of
overlooking several facts (see Mackey’s review article [117])). For instance:

e It has long been known by scientists working in foundational questions that
the modern formulation of quantum mechanics' rules out a large number of
classical Hamiltonians;

e There are features of quantum mechanics (e.g., spin) which are not preserved
in the classical limit. We therefore postulate, with Mackey [116, 117], that
classical mechanics is only what quantum mechanics looks like under cer-
tain limiting conditions, that is, that quantum mechanics is a refinement of

T am referring here to the so-called “von Neumann formulation”.
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Hamiltonian mechanics (this is, by the way, the point of view of the “de-
formation quantization” of Bayen et al. [7], which is an autonomous theory
originating in Moyal’s trailblazer [127]).

For all these reasons it is worth trying to construct quantum mechanics ex nihilo
without reference to classical mechanics. This does not mean, of course, that we
will not “quantize” Hamiltonians (or other “observables”) when possible, or de-
sirable, but one should understand that dequantization is perhaps, after all, more
important than quantization, which may well be a chimera (as exemplified by well-
known “no-go” in geometric quantization theories (see for instance Gotay [75] and
Tuynman [166]).

The concept of density operator (or “density matrix”), as it is commonly
called in physics) comes from statistical physics in defining Gibbs quantum states.
For detailed discussions see Ruelle [138], Khinchin [103], Landau and Lifschitz
[106], Messiah [123]. See Nazaikinskii et al. [128] for an introduction to the topic
from the point of view of asymptotics.

We begin by giving a self-contained account of two essential tools from func-
tional analysis, the Hilbert—Schmidt and the trace-class operators.

The notion of quantum state represented (up to a complex factor) by a
function 1 is not always convenient, because in practice one is not always certain
what state the system is in. This ignorance adds a new uncertainty of a non-
quantum nature to the quantum-mechanical one. This motivates the introduction
of the notion of density operator, which is a powerful tool for describing general
quantum systems. To fully understand and exploit this notion we have to make a
detour and spend some time to study the basic notions of trace-class and Hilbert—
Schmidt operators, which besides their interest in quantum mechanics play an
important role in functional analysis.

9.1 Trace-Class and Hilbert—Schmidt Operators

Classical references for this section are Simon [150], Reed and Simon [134], Kato
[100]; also see Bleecker and Booss-Bavnbek [11] and the Appendix I to Chapter
7 in Wallach [175] for a study of trace-class operators. For general results on
Hilbert spaces see Dieudonné [30] or Friedman [44]; in the latter the notion of
orthogonal projection on closed subspaces of Hilbert spaces is studied in much
detail. A classical reference for operator theory is Gohberg and Goldberg [52].

9.1.1 Trace-class operators

Trace-class operators are compact operators for which a trace may be defined,
such that the trace is finite and independent of the choice of basis. As Wikipedia
notes, trace-class operators are essentially the same as nuclear operators, though
many authors reserve the term “trace-class operator” for the special case of nuclear
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operators on Hilbert spaces. The notion is essential for the definition of the density
operators of quantum mechanics.

Let H be a complex separable Hilbert space and (e;) an orthonormal system
of vectors in H (not necessarily a basis); we denote by F the closed subspace of
H spanned by the e;. Then the following results hold:

e For every u € H the series > |(u, e;)n|* is convergent and we have Bessel’s
inequality

D lwe)nl* = (| Prullf, < [lull3 (9.1)
J
where P is the orthogonal projection H — F (we have equality in (9.1) if
the e; span H, that is if (e;) is an orthonormal basis);

e More generally, for all u,v € 'H,
Z(u, €j)H(U, ej)H = (PF’U,|PFU)H; (92)
J
e The Fourier series ) (u, e;)xe; is convergent in H and we have
Z(’U,, ej)Hej = PFU; (93)
J
in particular the series converges to w if (e;) is an orthonormal basis.

We will denote by L£(H) the normed algebra of all continuous linear operators
‘H — H; the operator norm is given by

A4l = sup |JAulle = sup || Aullr
[ulln<1 lul|7=1
and we have ||A*|| = ||A]|.

Definition 9.1. An operator A € L(H) is said to be of “trace class” if there exist
two orthonormal bases (e;); and (f;); of H such that

> (Aei, fi)n| < 00 (9.4)
0,
(we are assuming that both bases are indexed by the same sets). The vector space
of all trace-class operators H — H is denoted by L (H).

Obviously A is of trace class if and only if its adjoint A* is.

We are going to prove that if the condition (9.4) characterizing trace-class
operators holds for one pair of orthonormal basis, then it holds for all. This prop-
erty will allow us to prove that £1.(H) is indeed a vector space, and to define the
trace of an element of L1,(H) by the formula

TrA = Z(Aei, ei)H|

justifying a posteriori the terminology.
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Proposition 9.2. Suppose that If A is of trace class. Then:
(i) We have
> I(Aes, fi)u] < (9.5)
i
for all orthonormal bases (e;)i, (fj); of H with same index set;
(i) If (e;): and (f;); are two orthonormal bases, then the following equality holds:

Z(Aei,ei)ﬂ = Z(Afi,fi)ﬂ (9.6)

(absolutely convergent series).
(iii) The set Lp(H) of all trace-class operators is a vector space.

Proof. (i) Writing Fourier expansions
;=Y (ehe)ne; o fi="> (i fi)nf
J k

we have

(Aej, foon =D (el ei)rfi fi)r(Aej, fr)n (9.7)
.k
and hence, by the triangle inequality,
DAk Fnl <D0 D e el l(fis fi)nl | |(Aess fi)l)- (9.8)
il ik \ 3,0

Using successively the trivial inequality ab < 3(a? 4 b*) and the Bessel inequality
(9.1) we get

> 1(eh el (Ff Fr)ml

00

IN

LN e enml + 2N fu)nl?
[ ¢

sUle; 113 + 11fell3) = 3,

and hence

Z|(A€§7fé)ﬁ| < %Z (Aej, fr)n|) < oo
it gk
which proves (9.5).

(ii) Assume now e; = f; and e} = f/. In view of (9.7) we have

(Aej, el = D> (eh ei)mle], ex)m(Aej, ex)n

Jrk
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and hence

> (Aej el =Y (Z(eﬁaea‘)H(e’iaek)H> (Aej, ex)n).

i ik i

In view of (9.2)
> (el el en)w = (e, ex)m = dji
which establishes (9.6); that the series is absolutely convergent follows from (9.5)
with the choice e; = f;.
(i) That AA € L1,(H) if A € C and A € L1,(H) is obvious. Let A, B € L1 (H);

then
> (A+Beiei)n =Y (Aei,ei)n + Z(Bei, ei)n

and each sum on the right-hand side is absolutely convergent, implying that A +
Be Ll (H) O

Formula (9.6) motivates the following definition:

Definition 9.3. Let A be a trace-class operator in H and (e;); an orthonormal basis
of H. The sum of the absolutely convergent series

Tr(A) = Z(Aei» €i)H (9.9)

3

(which does not depend on the choice of (e;);) is called the “trace” of the opera-
tor A.

The following properties of the trace are obvious consequences of (9.9):
Tr(A+ B) =Tr(A) + Tr(B) , Tr(A4*) =Tr(A). (9.10)

In particular, self-adjoint trace-class operators have real trace.
Here is an important example of a trace-class operator; we will use it in our
study of the density operator to characterize the “purity” of a quantum state:

Example 9.4. Let F' be a finite-dimensional subspace of the Hilbert space H. The
orthogonal projection Pr : H — F is an operator of trace class with trace
Tr(Pr) = dim F. Let in fact (e;)1<i<k be an orthonormal basis of F and (e;);
a full orthonormal basis of H containing (e;)1<i<r . We have (Ppe;,e;) = 1 if
1 <4 < n and 0 otherwise; the claim follows by (9.9).

Notice that an orthogonal projection on an infinite-dimensional subspace is
never an operator of trace class.

Trace-class operators do not only form a vector space, they also form a
normed algebra:
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Proposition 9.5. Let A and B be trace-class operators A on the Hilbert space H.

(i) The product AB is a trace-class operator and we have Tr(AB) = Tr(BA).
(ii) The formula ||A|| 7, = (Tr(A*A))Y/? defines a norm on the algebra L (H);
that norm is associated to the scalar product (A, B) . = Tr(A*B).

Proof. (i) Let (e;); be an orthonormal basis of H. Writing
(ABei, ei)H = (Bei, A*ei)H

formula (9.2) yields

> (ABei,ei)n =Y (Bei, e)n(Aei, e5)n (9.11)

i i
and hence

Z(AB(?Z‘, ei)H

3

< Do IBeies)ul | | D 1(Aei,e5)nl | < oo
i

.3

so that AB is indeed of trace class in view of Lemma 9.2 (i). Formula (9.11) implies
that

> (ABej,ei)n =Y _(BAei,ei)n (9.12)

that is Tr(AB) = Tr(BA).

(ii) Since A*A is self-adjoint its trace is real so (Tr(A*A))'/? is well defined. If
[|A||Te = O then (Ae;,e;)n = 0 for all 4 hence A = 0. The relation |[AA||n =
[Al||Al|Te being obvious there only remains to show that the triangle inequality
holds. If A, B € L1,(H) then

1A+ Bl[f, = Te((A" + B*)(A + B))
= Tr(A*A) + Tr(B*B) + Tr(A*B) + Tr(B* A).

In view of the second formula (9.10) we have
Tr(A*B) + Tr(B* A) = 2 Re Tr(A* B)
and hence
14+ Bl[%, = [|Allf + [|B|3 +2Re Tr(A*B). (9.13)

We have
TI‘(A*B) = Z(Bei,Aei)H,

3
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hence, noting that Re Tr(A*B) < | Tr(A*B)| and using the Cauchy—Schwarz in-
equality,
ReTr(A*B) < Z(Bei,Bei)%2(Aei,Aei)%2,

that is
ReTr(A"B) < 3 (B*Bei,en)y( (A" Aei, ei)yy” < || Bl el| Al
which proves the triangle inequality in view of (9.13). O

Exercise 9.6. Show that if A, B,C are of trace class then
Tr(ABC) = Tr(CAB) = Tr(BCA).

An essential feature of trace-class operators is that they are compact. (An
operator A on H is compact if the image of the unit ball in H by A is relatively
compact.) The sum and the product of two compact operators is again a compact
operator; in fact compact operators form a two-sided ideal in £(H). A compact
operator A on H is never invertible if dim H= oco: suppose that A has an inverse
A~1 then AA~! = I would also be compact, and hence any ball B(R) in H would
be a compact set. This contradicts the theorem of F. Riesz that says that closed
balls are not compact in an infinite-dimensional Hilbert (or Banach) space.

Proposition 9.7. A trace-class operator A on a Hilbert space H is a compact op-
erator.

Proof. Let (uj) be a sequence in H such that ||u;|[ < 1 for every j. We are going
to show that (Au;) contain a convergent subsequence; this will prove the claim.
Let (e;) be an orthonormal basis of H, writing u; = >, (u;, €;)ne; we have

[ Aw,|[F, = (A" Auj, uj)n
= (uj, e)n(ug, ex)n (A" Aex, ).
i,k

Since we have, by Cauchy—Schwarz’s inequality,

[(ug, e)w] < lJujllnlleilln <1

it follows that
| Auj |7, <D (A" Ae, €0);

ik

A* A being of trace class the sequence (Au;) is contained in a compact subset of
‘H and the result follows. O
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We are next going to prove a spectral decomposition result for self-adjoint
trace-class operators. Recall that if A is a self-adjoint compact operator on a
Hilbert space H, then its spectrum consists of a sequence

<A <A <0=2 <A <

of real numbers. That 0 belongs to the spectrum follows from the fact that a com-
pact operator is not invertible, as pointed out above. Each A; # 0 is moreover
an eigenvalue of A. We denote by H; the eigenspace corresponding to the eigen-
value \; # 0; H; is finite-dimensional and for j # k the spaces H; and Hj, are
orthogonal and H splits into the Hilbert sum

H=Ker A (H1H 2P - )D(H1DPH2D ).

A consequence of these properties is that the trace of an operator of trace class
coincides with its spectral trace (i.e., the sum of its eigenvalues, counting their
multiplicities) and that we have a spectral decomposition result for these operators
in terms of projections. Let us prove this in the case that is of interest to us:

Proposition 9.8. Let A be a positive self-adjoint operator A of trace class on a
Hilbert space H; let \1 < Ag--- be its eigenvalues of A and Hi,H o,... the
corresponding eigenspaces.

(i) We have
A=Y "\P (9.14)
j

where P; is the orthogonal projection H — H;;
(ii) The trace of A is given by the formula

Tr(A) =) A dimH; (9.15)

and is hence identical with the spectral trace of A;

(i) Conversely, every operator of the type (9.14) with \; > 0 and P; being a
projection on a finite-dimensional space is of trace-class if the condition

D AjdimH; < oo
J

holds.

Proof. (i) A is compact, so it verifies the properties listed before the statement
of the proposition. Choose an orthonormal basis (e;;); in each eigenspace H; and
complete the union U;(e;;); of these bases into a full orthonormal basis of H by
selecting orthonormal vectors (f;); in Ker A such that (f;,ejx)n = 0 for all 4,k
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(this can always be done using a Gram—Schmidt orthonormalization process). Let
u be an arbitrary element of H and expand Aw in a Fourier series

Au = Z(AU» Ji)nfi+ Z(AU, €ij)HEij-

Since A is self-adjoint we have

(Au, fi)n = (u, Afi)r =0
and
(Au, e5) = (u, Aejj) = Aj(u, ei;)
so that
Au = Z)\J (Z(u, eij)Heij> .
j i

The operator P; defined by

Pju = Z(U, eij)Heij
is the orthogonal projection on H;; this is (9.14).
(i) By definition (9.9) of the trace we have

Te(A) =Y (Afis fi)r + Y _(Aei, ei)n;

[ 1,7

since (Af;, fi)n = 0 and (Ae;;, e;5)n = A for every 4 this reduces to

Tr(A) = Z Aj(€ij, eij)m = Z Aj (Z(eij»eij)ﬂ> ; (9.16)

%

hence (9.15) since the sum indexed by ¢ is equal to the dimension of the eigen-
space H;.

(iii) Any operator A that can be written in the form (9.14) is self-adjoint because
each projection is self-adjoint (notice that it is also compact because the spaces
'H; are finite-dimensional); moreover the operator A is positive and the condition

> j AjdimH; < oo is precisely equivalent to A being of trace class in view of the
second equality (9.16). O

9.1.2 Hilbert—Schmidt operators

The notion of Hilbert—Schmidt operator is intimately connected to that of trace
operator, and gives insight in the properties of these. In fact, as we will see, every
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self-adjoint trace-class operator is a Hilbert—Schmidt operator (more generally,
every trace-class operator can be written as a product of two Hilbert—Schmidt
operators). We will see, among other properties, that an operator is a Hilbert—
Schmidt operator if and only if it is the limit of a sequence of operators of finite
rank.

Definition 9.9. An operator A in H is called a “Hilbert—Schmidt operator” if there
exists an orthonormal basis (e;) of H such that

> llAe;ll3, < oo
j

The vector space of all Hilbert—Schmidt operators on H is denoted by Lus(H).

The following result shows that it does not matter which orthonormal basis
we use to check that an operator is of the Hilbert—Schmidt class, and that Lys(H)
is thus indeed a vector space, as claimed in the definition:

Proposition 9.10. Let A be an operator on the Hilbert space H.
(i) A is a Hilbert—Schmidt operator if and only if

D l1Aejll = NASfIIF < oo (9-17)
i i

for all orthonormal bases (e;) and (f;) of H;

(ii) A is a Hilbert-Schmidt operator if and only if its adjoint A* is;

(i) The set Lus(H) of all Hilbert—Schmidt operators on H is a vector subspace
of L(H) and the function || - ||as > 0 defined by the formula

1Al = > Il el I3, (9.18)

is a norm on that subspace (the “Hilbert-Schmidt norm”).

Proof. (i) The condition is sufficient by definition of a Hilbert—Schmidt operator.
Assume conversely that 3 ||Ae;|[F, < oo for one orthonormal basis (e;); if (f;)
is an arbitrary orthonormal basis we have,

1 Aeill3 = > |(Aey, £3),
J
in view of (9.1) and hence
Z | Aesl3, = Z |(Aej, fi)3 = Z (e A f)3,
i i i
that is, again by (9.1),

leAeiII% =Z||A*fi||%-



9.1. Trace-Class and Hilbert—Schmidt Operators 281

Choosing (e;); = (f;); we have in particular
DALl =D 114" fillR, (9.19)

and hence

> lAeillze = > llAfilE,

as claimed. Property
(ii) Immediately follows from (9.19).

(iii) If A and B are Hilbert—Schmidt operators then AA is trivially a Hilbert—
Schmidt operator and ||AA||las = |A|||A||us for every A € C; on the other hand,
by the triangle inequality

DA+ B)ejllF < Y llAesllf, + Y I1Beglf3, < oo
j j j

for every orthonormal basis (e;); hence A+ B is also a Hilbert-Schmidt operator
and we have
14+ Bllfis < [|Allfis + 1Bl[s,

hence also
A+ Bllus < [|Allus + [|B]|us-
Finally, ||A||las = 0 is equivalent to Ae; = 0 for every index j that isto A=0. O

Remark 9.11. The norm (9.18) on Lys(H) is called the “Hilbert—Schmidt norm”
in the literature.

Every Hilbert—Schmidt operator is actually the limit (in the topology defined
by the norm || - ||us) of a sequence of operators of finite rank, and hence compact:

Proposition 9.12. Let A be an operator on the Hilbert space 'H.

(i) If A is of finite rank, then it is a Hilbert—-Schmidt operator;
(ii) If A is a Hilbert-Schmidt operator A, then it is the limit of a sequence of
operators of finite rank in Lys(H);
(iii) In particular, every Hilbert-Schmidt operator is compact.

Proof. (i) Since A is of finite rank its kernel Ker A has finite codimension in H.
Choose now an orthonormal basis (e;);jex, K C N, of Ker A and complete it to a
full orthonormal basis (e;);cy of H. We have

DollAesllf = D [1Aejl3 < oo

jeJ JEJ\N

since the index subset J\K is finite.
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(ii) Assume that the set {Ae; : j € J} is finite: then A is of finite rank and there is
nothing to prove in view of (i). If that set is infinite, it is no restriction, replacing
if necessary J by a smaller set to assume that all the Ae; are distinct, and that
J = N. Let Ay be the linear operator defined by Aye; = Ae; for j < k and
Ape; = 0 for all other indices j. We have limy_.., Ax = A and each Ay is of finite
rank.

Property (iii) follows because operators of finite rank are compact, and the limit
of a sequence of compact operators is compact. (|

A particularly interesting situation occurs when the trace-class operator is
self-adjoint (this will be the case for the density matrices we will study in the next
section).

Proposition 9.13. Fvery self-adjoint trace-class operator in a Hilbert space H is a
Hilbert—-Schmidt operator (and is hence compact).

Proof. Let (e;); be an orthonormal basis of H; we have
|| AeillF, = (Aei, Aei)y = (A2ei i)
and in view of Proposition 9.5 the operator A2 is of trace class. It follows that
D I Aeil[3 = > (A%eieq)p < o0
hence A is a Hilbert—Schmidt operator as claimed. O

It turns out that, more generally, every trace-class operator can be obtained
by composing two Hilbert-Schmidt operators; since we will not use this fact we
propose its proof as an exercise:

Exercise 9.14. Show that every trace-class operator is the product of two Hilbert—

Schmidt operators, and is hence compact. [Hint: use an adequate polar decompo-
sition A = U(A*A)Y/2]

9.2 Integral Operators

Let us specialize our discussion to the case where H is the Hilbert space L?(R?).
We begin by discussing the general theory of integral operators with L2-kernel.

9.2.1 Operators with L? kernels

In what follows we assume that A is an operator defined on the Schwartz space
S(R3) by

Ag(z) = / Ka(e,g)o(y)d"y . Kac L2R). (9.20)
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Such an operator is bounded on L?(R%): we have

2
d"z

14610y = [ | [ @m0y

and, by Cauchy—Schwarz’s inequality

‘/KA:By

hence the estimate

| < [k [worey

[AY][L2mn) < [[Kallzz@en )19 L2@p)- (9.21)

It follows that the operator A is indeed bounded.
The integral operators (9.20) form an algebra:

Proposition 9.15. The sum and the product of two integral operators (9.20) is an
operator of the same type. More precisely, if A and B have kernels K4 and Kp
in L*(R2")), then A+ B has kernel Ky + Kp € L*(R2") and AB has a kernel
Kap € LQU(RQ" ) given by

Kap(z,y) :/KA(I,:E')KB(x/,y)d"x/. (9.22)

Proof. That the kernel of A+ B is K4+ Kp is obvious; that K4+ Kp € L? (Riny)
follows from the fact that L?(R2") is a vector space. Let us next prove that
Kap € L*(RY")). In view of Cauchy-Schwarz’s inequality

|Kap(z,y)|? (/lKA:ECE 2d"’)</|KBx y|2d"')
and hence
[iasapasey < [ ([ iawapes)

X (/ |KB(x',y)|2d":E'> d"zd"y
which yields

[ 1Kt Parery < | < / |KA<x,xf>|2dnxfdnx)
X (/|KB(:E’,y)|2d”x’) d"y,
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that is
[ 1ane o) P sy = 1l ez,

z,y

)||KB||L2(R,2I%) < 0.

Let us next show that Kap(z,y) indeed is the kernel of AB. We have, for ¢ €
L*(RY),

ABy(x) :/KA(I7II)Bw($/)dnx/
— /KA($,$I) (/KB(x’,y)qp(y)dny) g

The result will follow if we prove that we can change the order of integration, that

[ Kates) ([ Kot oy

-/ (/ KA@»w’)KB(w’,y)d”x’) by)d"y.
For this it suffices to show that the function
Fle) = / |Ka(z, 2" ) Kp(a',y)o(y)|d"z' d"y

is bounded for almost every z. Now, using again Cauchy—Schwarz’s inequality,

re) = [ ([ 1Kae s Kate i) 1oy

<[ (Jwswrsateopers )] N (/ Iw<y>|2dny)1/2

1/2
- [ ([ 1kt ot s ) | ol

The function  — G(z) defined by

6) = [ ([ KatoaEntat e’ )y

being integrable, we have G(x) < oo for almost every x, which concludes the
proof. O

The algebra of integral operators (9.20) is closed under the operation of
taking adjoints:

Exercise 9.16. Show, using similar precise estimates, that the adjoint A* of the
operator (9.20) is the integral operator with kernel K4+ defined by Ka-(z,y) =
KA (ya LL’) .
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9.2.2 Integral trace-class operators

In many physics books, even the best, one frequently encounters the following
claim: let A be an integral operator

A(z) = / K (e, )b )d"y

such that
[ 1Ktz < oo

then A is of trace class and
Tr(A) = /KA(a:,:zz)d”x.

This statement is false without more stringent conditions on the kernel K4. (See
however the interesting discussion in §8.4.3 of Dubin et al. [33].) Here is one a
rigorous result; for the state of the art see Wong’s review paper [182]. Additional
information can be found in Gréchenig’s book [78] and paper [79]; also see Toft
[160]; an interesting precursor is Pool [133]. A very nice treatment of operators of
trace class in general spaces L?(X, u1) is Duistermaat’s contribution in [35].

Recall from standard distribution theory that the Sobolev space H*(R2")
(s € R) consists of all @ € S§'(R?") such that the Fourier transform Fa is a
function satisfying

/|Fa(z)|2(1 +12)%)%d*" 2z < .
Theorem 9.17. Let a be a function R?" — C.

() If A N g s of trace class and a € L*(R2"), then

Tr(A) = ()" / a(2)d2"z. (9.23)

(ii) If a is such that a and Fa both are in H*(R2") with s > 2n, then A ML

s of trace class.

Notice that since S(R2") C H*(R?") for all s € R, Weyl operators with
symbols a € S(R?") are automatically of trace class; since such a symbol a trivially
is in L*(R2™) the trace of such an operator is indeed given by formula (9.23).

Let us give an independent proof of this property when the kernel of the
operator is rapidly decreasing (this is the case for instance for Gaussian states):

Proposition 9.18. Let K4 € S(R2"), Ka(z,y) = Ka(y,z). The self-adjoint Weyl

operator A Y 4 with kernel K4 is of trace class and
Tr(A) = / Ka(z,2)d" (9.24)

with K (x,z) > 0.
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Proof. The inequality K4(z,z) > 0 trivially follows from K4(x,y) = Ka(y,x),
and this condition is equivalent to A = A*. Let (¢;); be an orthonormal basis of
L?(R?); then (1; ® ;)% is an orthonormal basis of L?(R2"). Expanding K 4 in
a Fourier series in that basis we have

Ka(z,y) = Z ¢ (€)1 (y)
ik

with _
ik = (Ka, 1 @ ¥p)p2(ren ).
It follows that
/KA(a:,:zz)d"x = Z Cik /wj(a:)ﬁk(:r)d"x = Z Cjj-
g,k J

On the other hand, by definition of the c;y,

(Avhs, ¥5) 2 (me) = /KA(w,y)wj(y)wj(m)d"fU = Cjj»

hence

Tr(A) = > (A, ¥) 2 (en) = /KA(a:,:zz)d”x
J
as claimed. O

Self-adjoint trace-class operators are, as we have seen, Hilbert—Schmidt oper-
ators with L? kernels; they are thus also Weyl operators with L? symbols (Theorem
9.21). The first part of the following result which expresses the trace in terms of
the symbol is a consequence of Proposition 9.18.

Proposition 9.19. Let AV 4 and BV b be self-adjoint Weyl operators of trace
class.

(i) We have
Trd= (1) / a(2)d2"> = 4y (0) (9.25)
(ay the twisted symbol of A);
(ii) The trace of the compose AB is given by the formula

Te(AB) = (54)" / a(2)b(2)d2" . (9.26)

Proof. (i) The second equality (9.25) is obvious since a, = F,a. Writing At in
pseudo-differential form

-~

AY(z) = (ﬁ)"//e%m—y)a(%(x+y),p)w(y)d"yd"p,
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the kernel K 3 of Ais

Kzle) = ()" [0 Mo+ 9)p)p

and hence, by (9.24),
Tr A= (ﬁ)"/a(w,p)d“pd"w

which is the first equality (9.25); the second follows in view of the definition of the
symplectic Fourier transform F,a = a,.

(ii) We have
Tr(AB) = (ﬁ)n/c(z)d%z

where ¢(z) is the symbol of C = AB; in view of formula (6.43) (Subsection 6.3.2
of Chapter 6) we have

Z) _ (ﬁ)ZR//e%J(zl’z”)a(z—f— %Z’)b(z_% )d2n /d2’n, //

Performing the change of variables u = z + %z’, v=z— %z” we have

42727 %"y and hence

Z) _ (#)271 //e%g(ufz,yfz)a(u)b(v)dQnudan'

Integrating ¢(z) yields

/ (2)d*z = (&) / / / Holu=20=2) 4 (1) b(v) 2 ud? vd?" 2,

that is, expanding o(u — z,v — 2)

/ c(z)d™"z = Lh // (/ Folzu- ”)dQ”z) e 70w g (u)b(v)d* ud? .

Now

d2n ! 2 =

/e%a(z,u—v)d?rzz — /e%(Jz,u—v) d2nz — (ﬂ_h)2n

/ o(z)d?z = / / §(u —v)en 7 g(w)b(v)d2 ud? v
// u — v)a(u)b(v)d* ud*"v;

formula (9.26) follows. O

and hence
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9.2.3 Integral Hilbert—Schmidt operators

Let us now prove that the integral operators (9.20), defined by

A(z) = / K (e, )b ()d"y

with K4 € L*(R2")) are Hilbert-Schmidt operators, and conversely:

Theorem 9.20. Let A be a bounded operator on L*(R).

(i) If A is a Hilbert-Schmidt operator, then it has kernel K, € L*(R2");
(i) Conversely, any integral operator A with kernel K € L*(R2")) is a Hilbert—
Schmidt operator.

Proof. (i) In view of Schwarz’s kernel theorem there exists K4 € S'(R2"”)) such
that

Ap(e) = / K, y)b(y)d"y
(the integral be interpreted in the sense of distributions). Let us show that
(A, 0) 2z, < 0o for all W € LA(EE):

the claim will follow. Let (1/;); be an orthonormal basis of L2(R%); then (1;&;,); x
is an orthonormal basis of L?(R2"). Writing

U= Z)\jk%‘ @Yy,

J.k
we have

(Ka, ¥)r2men ) = > Ak(Ea ;@ Vi) L2 (r2n )
ok
= [[ Kalewyon ) @) s
7.k

=3 k(A ) L2 ) -
7.k

Using Cauchy-Schwarz’s inequality and recalling that |[1;]|z2@n) = 1 we get

(KA, ) pagaan ) < S a2l A |2 )
7.k

=D (D0 Pkl | 1A%kl 1Z 2
Ko\
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that is
(K W) sgazn [ < 111 Baqmze ) S 11U By
k

noting that

S IP < 3 Nl = 1]z -
J g,k

Since A is a Hilbert-Schmidt operator we have ), ||Awk||2Lz(Rn) < 0o and hence
(Ka, \IJ)LZ(Rgny) < oo which we set out to prove.

(ii) Let (¢;) be an orthonormal basis of L%(R"); we have to show that
D NAG; 1172 mny = D (A, Ay) 2y > < o0,
J J

that is, equivalently,
Z (A" Ay, 5) 2y < o0
J

The operator B = A*A has kernel Kp in L2(R§’fy) (Proposition 9.15 and Exercise
9.16) hence it suffices to show that

D 1By, w5) L2 > < 00
i

for every integral operator with K € L*(R2" ). We have

Z |(Bl/)j»1/’j)L2(R;r)|2 = Z / (/ KB(x,y)wj(y)d"y) Wd"x

J

2

2

=S| [[ Kote.wyvs st

_ 2
= (KB, 1 @95) 12z2n )
J

The sequence (¢; ® ¢;); is orthonormal in L?(R2"), hence, in view of Bessel’s
inequality:
D B ) 2|’ < 1Ksl|L2@an,) < 0
J
and we are done. |

We are next going to show that the space of integral Hilbert—Schmidt oper-
ators on L2(R”) is precisely the set of Weyl operators with symbol a € L?(R?")
(Stein [158], Ch. XII, §4; Wong [181, 182]). This is indeed an important result,
since it will allow us a precise description of the density matrices of quantum states
in Section 9.3 using the methods of Weyl calculus.
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Theorem 9.21. The Weyl correspondence a Y A induces an isomorphism be-
tween L2(R%™) and the space of Hilbert-Schmidt operators on L?(R®):

(i) If a € L*(R?"), then A is a Hilbert-Schmidt operator on L?(R?).

ii) If conversely the kernel of a Weyl operator A YN 4 s in L2(R2™ , then
Ty
a € L3(R?").

(iii) Let A be an arbitrary integral Hilbert—Schmidt operator on L?(R"). There

exists a € L2(R2") such that A= A YY) o and we have

||a||%2(R§") = (27Th)n||KA||%2(Rg7y)~ (9.27)

Proof. The statement (iii) follows from (i) and (ii) in view of Theorem 9.20.

(i) and (ii). We have seen (formula (6.26) in the proof of Theorem 6.12, Chapter
6) that the kernel K ; of the Weyl operator A and its symbol a are related by

K;(2.y) = (g35)" /ew’“”a(%(x +y),p)d"p
and also that (formula 6.25, bid.)
a(z) = /e_%<p’y>KA(:E + 1y, x — Ly)dy.
Assume first that K4 € S(R?"). Then the function

is also in S(R?") and we have

la(2)* = // 6_%<p’y_y/>KA(:E +3y,@ — sy)Kalz + sy, x — y)d"yd"y',
hence, integrating successively in p and x:
ol Eaqeany = o) [[[ 6y = y)iKate + byo— dp)Payary/ana

= o) [[[ o+ o~ by Paryana,

Setting u = = + %y and v =z + %y we obtain (9.27) hence the result for K4 €
S(R?"). Since S(R2™) is dense in L?(R2") this equality holds for all a in L?(R?")
or K in L*(R2"); properties (i) and (ii) follow. O
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9.3 The Density Operator of a Quantum State

A density operator is a device containing all the information needed to calculate
the probabilities of the results of measurements one might perform on one part of
a quantum system, where it is assumed that no information is accessible on the
remaining part of the system. Admittedly, this explanation is somewhat sibylline,
but we will explain in detail what it really is about. While the literature devoted
to the density operator is immense, reading Fano’s foundational paper [40] is a
must.

9.3.1 Pure and mixed quantum states

Let us begin by giving a strict mathematical definition of a density operator in
terms of the concepts introduced in the previous sections.

Definition 9.22. A “density operator” on a separable Hilbert space H is an operator
p: H — H having the following properties:

(i) p is self-adjoint and semi-definite positive: p = p*, p > 0;

(i) pis of trace class and Tr(p) = 1.

It follows from Proposition 9.13 which says that a self-adjoint trace-class
operator that is a density operator is in particular a Hilbert—Schmidt operator
(and is hence compact).

In quantum mechanics the Hilbert space H is usually realized as a space of
square-integrable functions, typically L?(R”) (or a closed subspace of L?(R?"), see
Chapter 10).

Here is a first example of a density operator. Let us assume that we are in
presence of a well-defined quantum state, represented by an element 1 # 0 of
‘H. Such a state is called a pure state in quantum mechanics. It is no restriction
to assume that 1 is normalized, that is ||[¢||7y = 1, so that the mathematical

expectation of Ais R R
(A)y = (AY,P)n. (9.28)
Consider now the projection operator
Py H—{ap:acC} (9.29)
of H on the “ray” generated by . For each ¢ € H we have
Pud=ad . a=(dd)n. (9.30)

We will call py the pure density operator associated with ; it is a trace-class
operator with trace equal to 1.

Exercise 9.23. Check this statement in detail.
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Observe that when H =L?(R?), formula (9.30) can be written

pyo(a /w d"y,

hence the kernel of py is just the tensor product
Kﬁw = ¢®E (9.31)

We are going to see that the pure density operator py is in this case a Weyl
operator. We have in fact already encountered its symbol p, in Chapter 6: it is
the Wigner transform of the function ! Let us prove this essential property:

Proposition 9.24. Let py be the density operator associated to a pure state v by
(9.30).

(i) The Weyl symbol py of py is the Wigner transform Wb of ¢ and thus

pypd(x) = Lﬁ //e’i(p’c” y>W1p %(w + ), p)o(y)d" yd"p, (9.32)
that is
Py = (5) / Wotp(2)T(2)d*" (9.33)
where Wyip = F,W1p is the symplectic Fourier transform of W1.
(ii) Let A &% a If ||| p2ay) = 1, then

(A)y = Tr(pyA) (9.34)
((2)1/, = (ﬁw,w)Lz(R;) the mathematical expectation of A in the state ).
Proof. (i) We have

Pud(®) = (6, ) 12y () = / () ()P,

hence the kernel of py, is ¥ ®41). In view of formula (6.25) (Theorem 6.12, Subsection
6.2.2 of Chapter 6) the Weyl symbol py, of py is given by

po(z) = (5)" / e HPD (o 4 Lyt Ty,

that is py(2) = W(z) as claimed.

(ii) In view of formula (6.71) in Proposition 6.45 (Subsection 6.4.2 of Chapter 6)
we have

(A\m = /a(z)Ww(z)dQ"z.

Formula (9.34) follows from (i) using the expression (9.26) in Proposition 9.19
giving the trace of the compose of two Weyl operators. |
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Exercise 9.25. Check directly part (i) of Proposition 9.24 assuming that A has a
discrete spectrum (A;); and corresponding orthonormal eigenvector basis (1) jen.

Exercise 9.26. Look after formula (9.34) in any classical book on quantum me-
chanics and analyze in detail the way it is derived.

We have so far been assuming that the quantum system under consideration
was in a well-known state characterized by a function . Unfortunately things are
not always that simple in the quantum world. Suppose for instance that we have
the choice between a finite or infinite number of states, described by functions
Y1,%2, ..., each 1; having a probability a; to be the “true” description. We can
then form a weighted “mixture” of the 1); by forming the convex sum

p=> agh , Y a;=1, a; >0 (9.35)
j=1 j=1

We will say that ¥ is a mized state.

Definition 9.27. The density operator of the mixed state (9.35) is the self-adjoint
operator

p= by, (9.36)
j=1

where the real numbers «; satisfy the conditions (9.35) above.

It is clear that p is a density operator in the sense of Definition 9.22: since
trace-class operators form a vector space, p is indeed of trace class and its trace is
1 since Tr(p;) = 1 and the a; sum to 1. That p = p* is obvious, and the positivity
of p follows from the fact that a; > 0 for each j. We will see below (Corollary
9.29) that any density operator on L?(R") is actually of the type (9.36).

The importance of the distinction between pure and mixed states can be seen
from the following argument: in quantum mechanics one wants to calculate the
mathematical expectations (or “averages”) of observables (position, momentum,
the energy, to name a few). Assume that we want to study a system (S); in
practice (S) is always a part of a larger system (S) (for instance the Universe. .. ).
The Hilbert space of the states is thus H = H ® H' where H is the Hilbert space
of (§) and H' corresponds to degrees of freedom external to (iS). Assume that the
total system (S) is in some pure state Y € H and let A : H — H be an observable
of its subsystem (S). Define the mathematical expectation of A by

(A); = (A ), d)g

where I’ is the identity operator in H’. Unless ¢ = ¢ ® 1 there exists no ¢ € H
such that (A); = (4),, and we can thus not calculate the expectation of the ob-
servable A unless we incorporate in one way or another some statistical information
about the total system.
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Here is a very important result that describes all density matrices in a Hilbert
space H.

Theorem 9.28. Let p be an operator on a Hilbert space H.

(i) p is a density operator if and only if there exists a (finite or infinite) sequence
(o) of positive numbers and finite-dimensional pairwise orthogonal subspaces

H; of H such that

p= ZajﬁHj and Zaj dimH,; =1 (9.37)
J J
where py; is the orthogonal projection H — H,;
(ii) We have
0 < Tr(p?) < Tr(p) <1 (9.38)
for every density operator p; and Tr(p?) = 1 if and only if p is a pure-state
density operator.

Proof. The statement (i) is just Proposition 9.8, taking into account that the
orthogonal projections p; are self-adjoint.

(ii) Since the spaces H; are pairwise orthogonal we have py,py, = 0if j # k
and hence p* = 37 a3y, . The condition ) a; dimH; = 1 implies that we must
have a; < 1 for each j so that

Trp? = Za?dimHj < Zaj dimH; = 1.
J J

We have seen that if p is a pure-state density operator then it is a projection of
rank 1, hence p? = p has trace 1. Suppose conversely that Tr(p?) = 1, that is

Za? dimH; = Zaj dimH; = 1.
J J

Since dimH; > 0 for every j, this equality is only possible if the numbers a;
are either zero or 1; since the case a; = 0 is excluded it follows that the sum
>_jajdimH; = 1 reduces to one single term, say aj, dimH;, = 1 so that p =
o Pj, and p* = a3 Py, - The equality Tr(p) = Tr(p*) = 1 can hold if and only if
aj, = 1, hence dimH;, = 1 and p'is a projection of rank 1, and hence a pure-state
density operator. O

Specializing to the case where H = L?(R”) we get:

Corollary 9.29. An operator p : L>(R?) — L?*(R?) is a density operator if and
only if there exists a family (v;)jey in L*(R?), a sequence ()\;)jey of numbers
Aj > 0 with > Aj =1 such that the Weyl symbol p of p is given by

Jjel

p=>_ \Wi. (9.39)

Jj€J
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Proof. Assume that the Weyl symbol of p is given by (9.39); in view of Proposition
9.24 and the discussion preceding it we have

p=> b
J€J
where p; is the orthogonal projection on the ray {aw; : a € C}. It follows that p
is a density operator. If conversely p is a density operator on L*(R%), then there

exist pairwise orthogonal finite dimensional subspaces Hi, Ha,... of L?(R?) such
that
ﬁ: Zajﬁﬁj y ijaj =1
J J
with py; the orthogonal projection on H; and m; = dim ;. Choose now an
orthonormal basis ¥1, ..., ¥, of Hi, an orthonormal basis ¥m,+1, - -, Ymq+ma+1

of Hs, and so on. The Weyl symbol of p is

mi mi1+ma+1
p=onry Wij+ay » Wi+
Jj=1 Jj=m1
which is (9.39), setting A\; = m;aq;. O

Part (iii) of Theorem 9.28 above motivates the definition of the notion of
purity of a quantum state which plays an important role in quantum optics and
the theory of squeezed states:

Definition 9.30. Let 5 be a density operator on H; the number u(p) = Tr(p?) is
called the “purity of the quantum state” p represents.

The purity of a state satisfies the double inequality 0 < p(p) < 1. We will
come back to it in the next subsection when we study Gaussian states.

Exercise 9.31. Show that a quantum state is pure if and only if its purity equals 1.

Recalling (formula (9.31) that the operator kernel of the density operator of
a pure state 1 is just the tensor product ¥ ® 1), we have more generally:

Corollary 9.32. Let the density operator p be given by formula (9.37) and let
(Yjk)jk be a double-indexed family of orthonormal vectors in L*(RTY) such that
the subfamily (Yji)k is a basis of H; for each j.

(i) The kernel K of p is given by

Kp(z,y) = > Ntjn(x) @ Uyely)  with 3, A = 1. (9.40)
gk

(ii) The Weyl symbol of p is given by
a(z) =Y N\Wii(z) (9.41)
.k

(Wi the Wigner transform of ¥;i).
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Proof. (i) We have
PO =Y NP =Y N (W, i)t
J Jik

that is, by definition of the scalar product:
o= Npb =Y\ /%k(w)w(y)w_ﬂe(y)d"y
J i,k

which is (9.40).

(ii) Formula (9.41) for the symbol immediately follows from (9.40) in view of
Proposition 9.24(i). O

9.3.2 Time-evolution of the density operator

Assume now that we are studying a partial known quantum system which is chang-
ing with time; we assume that it is described by a mixed state (9.35):

w:Zajz/Jj,Zajzl,ajZO (942)
j=1 j=1

and that the time evolution of each 1; is governed by a collective Schrodinger
equation
0

= Hy.
ot v

We denote by (ﬁt) the evolution operator determined by that equation: v (z,t) =
Ug)(x,0); this operator is unitary and satisfies

d~  ~~ d ~ P
ih—U, = ih—U; = —UH. 4
in=U, = HU, , ih—T, FH (9.43)

Proposition 9.33. Let p be the density operator at time t = 0 of the mixed state
(9.42).

(i) At time t this density operator is given by the formula
pr = UpUy;
(ii) The mapping t — py satisfies the operator equation

d ~
W5, = (H, 5. 9.44
ih—pr = [H, i) (9.44)
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Proof. To prove (i) it suffices to note that for all ¥, ¢ € L?(R%)

Differentiating p; = ﬁtﬁﬁt* in ¢t now yields, using formulae (9.43),

Ld o d s,
ih—p; = ih— (U:pU;)

dt dt
= HUpU; + Up(—U;H)
= ﬁﬁt - ﬁtﬁ
which proves (ii). O

Remark 9.34. The evolution equation (9.44) should not be confounded with the
Heisenberg equation of elementary quantum mechanics?; it is actually the quan-
tized form of Liouville’s equation

8/)(:1 _
¢ = U pal (9.45)

from classical statistical mechanics.

We emphasize that there are many theoretical (and practical) advantages in
using the density operator formalism instead of wave-functions (see Messiah [123],
Chapter VIII, for a lucid discussion of the notion of density operator from a leading
physicist’s viewpoint). First, it is always possible to represent a quantum state
by a density operator, whether this state is pure or mixed; one can a posteriori
determine the purity of this state by calculating the trace of the square of the
density operator of this state. Secondly, the wave-function of a pure state is only
defined up to a complex factor (or a phase, when the wave-function is normalized),
while the corresponding density operator is uniquely defined. For mixed states
the situation is even more clear-cut: there is a great arbitrariness in a statistical

mixture
o0
v=2 oyt
j=1

Unless the v, are all linearly independent (which is generally not the case!), the de-
composition above is never unique in opposition to the associated density operator
which is independent of the way the mixture is written.

2All the quantities involved are written in the “Schrédinger representation”.
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9.3.3 Gaussian mixed states

Gaussian functions, which we already have encountered several times, are objects
of particular interest. This is not only because they are relatively easy to calculate
with: in addition to being intensively studied in quantum optics they will allow us
to link the quantum blobs of Chapter 8 to the Wigner transform of a mixed state.

Recall (Corollary 8.48, Section 8.5) that the Wigner transform of a normal-
ized pure state

1/4 _
dole) = (£45) 7 exp [~ (X +iY ), )]
is given by the formula
n l
Win(e) = ()" e HO=
where G is the symmetric positive symplectic matrix

oo [X+Yxly vx—!
| xv X1

The function Wi, satisfies
[ win@)ds = ol agy = 1

(formula (6.68) of Chapter 6, Section 6.4). If we want W)y to be the Weyl symbol
of a density operator we have to renormalize 19 and replace it by (27h)™y. More
generally, consider a phase-space Gaussian

1
We(z) = 2"Vdet Fe 1% (9.46)

where ' = FT > (. Setting F = %2’1 shows that Wy is the probability distri-
bution
Wr(z) = (2mh)"ps(z) (9.47)

where L
n — —5(27 12,2
px(2) = (5)" (det ) 1/2¢=3(2 22),
in particular

(ﬁ—h)n/WF(z)dQ"z =1

so that W is a priori a good candidate for being the symbol of a density operator.
Define in fact the Weyl operator py;,

i

peie) = ()" [[H I We) b+ ey, (945)
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that is3 .
Pri(a) = / / e Pr9) o () (L + y), PO () yd (9.49)

this operator will be the density operator of some quantum state if the three
following conditions are fulfilled:

o Dy is self-adjoint: px; = py;

e py is of trace class and Trpy = 1;

e py is non-negative: py > 0.

It is clear that ps; = p% since ps is real; the operator px, = p% is of trace-class
because of Proposition 9.18, which tells us that in addition

Trpy = (ﬁ)n/WF(z)dQ”z =1

So far, so good. How about the positive semi-definiteness property py; > 07 As
we already have noticed before, in Subsection 8.5.3 of the last chapter, the fact
that the symbol of a Weyl operator is positive does not imply that the operator
itself is positive. The obstruction, as we hinted at, is related to the uncertainty
principle of quantum mechanics: if the Gaussian py is too sharply peaked, then
ps, will not be the density of a quantum state. It however follows from Corollary
8.55 of Proposition 8.54 that if we “average” py over a quantum blob, then we
will always obtain the Wigner transform of a mixed state. In fact, the following
precise result holds (¢f. de Gosson [72]):

Theorem 9.35. Let Q = S(B?"(Vh)), S € Sp(n), be a quantum blob and Wy the
associated normalized Gaussian:

1 _
Wolz) = (&) e HIEST 59

(i) The convolution product Wy, g = px* Wy is the Wigner transform of a mized
state ps.q;
(ii) We have

n 1
W o(2) = Wh(z) = (£)" Vdet Ke™ 7 {K=2 (9.50)

where the symplectic spectrum of K is the image of that of F = %E_l by the
mapping A — A/(1 + A).

Proof. (i) The Weyl operator px g with symbol Wy g(z) is self-adjoint, and as-
suming that (9.50) holds we have

Trpso = /WE,Q(Z)d2nZ =1

3Beware that py is not the symbol of px;!
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so there remains to check the positivity of px g; the latter follows from Corollary
8.55 of Proposition 8.54.

(ii) Setting G = (SST)~1 we have
n l / ’ l 1ot
Wea(z) = (£)? m/{h(pﬂ(kz 122 =G 2) gam 1,
and the change of variables 2"/ = S~/ yields
1\2n —l<STFS(z—z”) (z—2")) —l\z”|2 2n I
Wso(Sz) = (&) vdetF/e 2 ’ e mIZ g,

Replacing if necessary S by another symplectic matrix we may assume, in view of
Williamson’s theorem, that

STFS =D — {A“ 0}

0 A,

where A, = diag[A1,...,\n] , (A1,...,A,) the symplectic spectrum of F, and
hence

1 ” " 1, 4
Wy o(52) = (%)% VdetD/e_ﬁ<D(z_z )z=2") o= 1212 g2n 1.
Using the elementary convolution formula

* —a(u—t)2 —btzdt _ ™ o ab 2
/_Ooe e —a+bexp a—l—bu

valid for all a,b > 0 together with the fact that the matrix D is diagonal, we find

Ws0(S2) = (%)n (det D(I 4+ D)~H)Y 2 exp {% (D(I + D)™ 'z, z>] ,

Wy.q(z) = exp [—%ZT(S_l)TD(I + D)_IS_lz} .

Setting
K=(5""D(I+D)"'s™!

we obtain formula (9.50). There remains to show that the moduli of the eigenvalues
of JK are not superior to 1. Since S € Sp(n) we have J(S~1)T = SJ and hence

JK =SJD(I+ D)~ 'St
has the same eigenvalues as JD(I + D)~!. Now,

0 Ay (I +Ay)7E

JD(I+ D) ' = A1+ A) 0
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so that the eigenvalues s ; of JF are the numbers

Ao
oq = Hi—221 9.51

H »J 7’1 + )\U,j ( )

which are such that |us ;| < 1 which was to be proven. O

The result above leads us to ask the following question: which conditions (if
any) should one impose on the covariance matrix ¥ in the formula

n — —l iz
ps(2) = (35)" (det )12 75015

in order that it be the Wigner transform of some quantum state? Writing (9.47)
in the form

W(z) = (&))" Vdet F€7%<FZ’Z>

a partial answer is already given by Proposition 8.47 (Section 8.5, Chapter 8)
which implies that if F' is symplectic, then W is the Wigner transform of the pure
Gaussian state

Y(z) = (%)1/4 exp [f%«X + iY)J:,:E}]

where the symmetric matrices X,Y are determined from F'. Let us discuss the
case of more general covariance matrices 3.

The following result, which is no more than a consequence of Theorem 9.35
above, shows that in a sense the Gaussians which are Wigner transforms of pure
Gaussian states are the lower limit for what is acceptable as a candidate for the
Wigner transform of a quantum state. Recall that the covariance matrix ¥ is said
to be quantum mechanically admissible if its symplectic spectrum is such that

Spec,(X) > (L, 1h, ..., h) (9.52)

(Proposition 8.27 in Subsection 8.3.4 of Chapter 8).
Corollary 9.36. Let px; be the phase-space Gaussian
n — -4 12,2
ps(z) = ()" (det £)~1/2e7 23 =2,

(i) The operator ps; associated to ps, by formula (9.49) is the Wigner transform
of the density operator of a mized quantum state, if and only if the covariance
matriz X is quantum mechanically admaissible;

(ii) When this is the case, the purity of that state is

1(Fs) = (g)n(detE)l/Q.
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Proof. In view of Williamson’s symplectic diagonalization theorem there exists
S € Sp(n) such that

Ar 0

Tyq _
SES[O A,

} , Ay =diag[A1, ..., Ay

where A1, ..., A, is the symplectic spectrum of X. In view of (9.52) we have A\; >
-+ > Ay > $hso that STES > ST%S where S = 1Al (I the 2n x 2 identity
matrix), and hence also 3 > 3. This allows us to write

pPE = PE-%, * P,

and (i) now follows from Theorem 9.35. Let us calculate the purity of py. In view
of formula (9.26) in Proposition 9.19 we have

H(ps) = To(72) = ()" [ WhIE",
that is, since Wp = (27h)" px,
u(ps) = (2" [ g

We have
/p%(z)d%z = (%)zn (det ¥)~! /e‘<271z’z>d2nz.

Recalling that if M is a positive definite symmetric matrix, then
/e_<MZ’Z>d2"2 = 7" (det M)_l/2

we have
/p%(z)d%z = (&)" (det »)l/2

and hence

w(ps) = (g)n (det 22)1/2,

Notice that since det ¥ > (3h)" for an admissible ¥ in view of (9.52) we indeed
have p(px) < 1. O



Chapter 10

A Phase Space Weyl Calculus

Most traditional presentations of quantum mechanics (in its wave-mechanical
form) begin with the Schrédinger equation

zh%—zf = H(x,—ihd, )y (10.1)
where H(x,—ih0,) is an operator acting on functions of the position variables

and associated in some convenient (often ad hoc) way to the Hamilton function

. . . - 1 .
H; one possible choice is the Weyl operator H Y H. Our own presentation

in the previous chapters has complied with this tradition, but the reader will
probably remember that we have at several times mentioned that it is possible to
write a phase space Schrédinger equation. In this chapter we will actually show
that simple considerations involving no more than the invariance properties of the
Poincaré—Cartan form pdx — Hdt lead to such an equation.

In the first section we begin by discussing the relevance and logical need for
Schrédinger equations in phase space, and thereafter define a fundamental trans-
form which will allow us to give equivalent formulations of quantum mechanics in
phase space. We thereafter introduce the phase-space Schrodinger equations, with
a special emphasis on its most symmetric variant, which we write formally — and
hopefully suggestively — in the form

ih%—\f = H(3x + ihdp, 1p — ih0,)¥ (10.2)
when n = 1; the function ¥ depends on z = (z,p) and t. This equation has a
certain aesthetic appeal, because it reinstates in quantum mechanics the symmetry
of classical mechanics in its Hamiltonian formulation, where the time-evolution is
governed by the equations

&= 0pH(z,p,t) , p=—0,H(x,p,t);
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in both cases the variables x and p are placed, up to a change of sign, on the same
footing.

10.1 Introduction and Discussion

In Chapter 6 the Heisenberg—Weyl operators were used as the cornerstones for the
definition of Weyl pseudo-differential calculus: to a conveniently chosen symbol a
we associated an operator A acting on the Schwartz space S(R?) by

Ap(z) = (ﬁ)n/ag(zo)f(zo)w(x)dQ"zo

(Definition 6.9 in Chapter 6, Section 6.2); the twisted symbol a, is the symplectic
Fourier transform F,a of a; equivalently, using the Grossmann—Royer operators:

Ad(a) = ()" / al(z0) T (20 )t (2)d2" 2.

The considerations above inexorably lead us to associate to A an operator /Alph
acting on S(R?") by the formula

~

Eph U(z) = (ﬁ)n/ag(zo)Tph(zo)\II(z)d%zo

where fph and Tph are variants of the Heisenberg—Weyl operator acting on phase-
space functions defined by

~

Ton(20) ¥ (2) = e~ T2 (2 — z)

where o is the standard symplectic form. Equivalently, redefining the Grossmann—
Royer operators in a suitable way one has the formula

Apn (w) = (#)n/G(ZO)Tph(Zo)w(fE)dQ"z:o.

We are going to study these operators in detail in Section 10.3; let us first motivate
our constructions.

10.1.1 Discussion of Schrodinger’s argument

Schrodinger’s equation (10.1) governing the time-evolution of matter waves can be
rigorously justified for quadratic or linear potentials if one uses the theory of the
metaplectic group, but it cannot be mathematically justified for arbitrary Hamilto-
nian functions. The fact that Schrodinger’s equation governs the evolution of mat-
ter waves for arbitrary Hamiltonians is a physical postulate which can only be made
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plausible by using formal analogies: this is what is done in all texts on quantum
mechanics (see for instance Dirac [31], p. 108-111). So how did Schrédinger arrive
at his equation? He actually elaborated on Hamilton’s optical-mechanical analogy,
and took several mathematically illegitimate steps applying the Hamilton—Jacobi
theory (see Jammer [97] or Moore [125] for a thorough discussion of Schrédinger’s
argument). Here is the idea, somewhat oversimplified. Schrédinger’s starting point
was that a “matter wave” consists — as all waves do — of an amplitude and of a
phase. Consider now a system with Hamiltonian H represented by a phase-space
point z(0) at time ¢ = 0. That system evolves with time and is represented by a
point z(t) at time ¢. Schrédinger postulated that the phase @ of the associated
matter wave satisfied by Hamilton—Jacobi’s equation

8_W + H(z,0,9,t) = 0. (10.3)
ot
That postulate allowed him, using some non-rigorous mathematical manipulations,
to arrive at his equation (10.1). Let us now make the following observation: the
phase ® of the matter wave is just the phase of the Lagrangian manifold p =
0:®(x,t); in view of our discussion in Chapter 5 the change of that phase is the
line integral

AD = /pdx — Hdt (10.4)
r

calculated along the arc of extended phase-space trajectory I' joining (z(0),0) to
(2(t),t). Let us assume that the Hamiltonian flow (f) is free for small ¢ # 0 (this
is the case if H is of the type “kinetic energy + potential”, for instance); then
the initial and final position vectors x(0) and z(¢) uniquely determine p(0) and
p(t), so that A® can be identified with the generating function W (xg,z,t). This
property is intimately related to the fact that the Poincaré—Cartan form

ag = pdx — Hdt
is a relative integral invariant; equivalently the exterior derivative
dag =dpANdx —dH AN dt

vanishes on trajectory tubes. As already discussed in Subsection 5.2.1 of Chapter
5, this property is actually shared by any of the differential forms

oW = Apdx + (A — D)adp — Hdt

where A is an arbitrary real number. It turns out that a particularly neat choice
is A = 1/2 because it leads to the form

1
ag/m = 50(2, dz) — Hdt (10.5)
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where the variables « and p play (up to the sign) similar roles. Let us investigate
the quantum-mechanical consequences of this choice. In Section 5.5 of Chapter 5
we considered the Schrédinger equation

S =50 ¥(,0) = o (106)

where the operator
0(2,20) = (—ih0y, o) — (po, T)

was obtained using Weyl correspondence from the translation Hamiltonian
H.,(z) = 0(z,20). We checked that the solution of (10.6) was given by

W(x,t) = T(tzo)bo(x)

where f(zo) is the usual Heisenberg—Weyl operator; explicitly

1/)(517,75) = 6%(I>(z’t)’l/)0(x — tIO)
where the phase
q)<$7t) = t<p07$> - %t2<p03x0>

is obtained by integrating the Poincaré-Cartan form ap, along the extended
phase-space trajectory I' leading from (z — tzg,0) to (z,t). Suppose now that we

replace in the procedure above apy, by « 1;202 ; mimicking the proof of Proposition
5.46 we find that the integral of a(hl,z/j) is

t
/ag/z) = ——0(z,20).
r 2

20

In analogy with the definition of the Heisenberg—Weyl operators we can thus define
an operator Tpn (7o) acting on functions of z = (z,p) by the formula

Ton(20)Wo(2) = e~ 28720 T (20) W (2).

A straightforward calculation shows that the function

~ i

U(z,t) = Tpn(tz0)Wo(z) = e 207200 (2 — t2)
satisfies the first-order partial differential equation

Lo 1 .
ZFLE = ia(z,zo)\lf —ih({zg,0,) U;

rearranging the terms in the right-hand side of this equation shows that it can be
rewritten formally as

ih— =0 (x +ihdy, 1p — ihdy; z0,po) V. (10.7)
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The replacement of ay by its symmetrized variant agz/ 02) has thus led us to the

replacement of the usual quantum rules x; — x; by the phase-space quantum
rules

—~ 1 0 ~
2 — Xj=c-xj+ih— , pj — P; =

1 0
“pi— i 10.
5 o pj —ih (10.8)

2 8xj '
Notice that the operators 5(\]-, ﬁj obey the usual canonical commutation relations
(X, Pi] = —ihd

so that our discussion of the Heisenberg algebra and group in the first section
of Chapter 6 suggests that these quantization rules could be consistent with the
existence of an irreducible representation of the Heisenberg group in phase space.
We will prove that this is indeed the case.

The equation (10.7) corresponds, as we have seen, to the choice A = 1/2 for

the integral invariant a(h/,\). Of course any other choice is a priori equally good
from a purely mathematical point of view. For instance the choice A = 0 would
lead to another phase-space Schrodinger equation, namely

ov

ZHW = o(z + ihdp, —ih0y; o, po) ¥ (10.9)

and thus corresponds to the quantum rules

. ., 0

Tj — T, +m3pj , Dj — zhaxj.
These have been considered and exploited by Torres-Vega and Frederick [162, 163]
(see our discussion of their phase-space Schrodinger equation in [73]). It turns out,
as we will see, that the “symmetrized” choice (10.8) is the most convenient for
the determination of which solutions correspond to true quantum states (pure or
mixed), and directly related to the “quantum blobs” introduced and studied in
Chapter 8.

10.1.2 The Heisenberg group revisited

Recall from Chapter 6 that the Heisenberg group H,, is the extended phase space
Riﬁ“ equipped with the composition law

(DK 1) = (2 + 2t 1 + Lo(z,2);

the operators
f(zo,to) _ e%((Po@)-%(Po@o)-ﬁ-to)T(ZO)

then formed a unitary representation of H,, in the Hilbert space L?(R?).
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Let us define operators Tpu(tzo) by letting them act on L2(R2") by the
formula R .
Ton(t20)¥o(2) = em? BT (129) T (2)

(the subscript “ph” stands for “phase space” ), where the phase ¢’(z,t) is obtained
by integrating, not the Poincaré—Cartan form

am., = pdr —o(z, 20)
corresponding to the translation Hamiltonian, but rather its symmetrized variant

a(hl,ﬂ) = 10(z,dz) — H.,dt.

20

This yields after a trivial calculation

@' (2,t) = —3H. (2)t = —30(z, z0)t (10.10)

so that R v
Ton(t20)Wo(2) = e 307520000 (2 — t2). (10.11)

Let us denote by U(L?(R?")) the set of unitary operators acting on L?(R?").

Definition 10.1. The “symplectic phase-space representation” of the Heisenberg
group H,, is the mapping (29, to) — Tpn (20, to) from H,, to U(L?(R?")) defined by

~

Ton(20,0) W (2) = eF 0Ty (20)¥(2) (10.12)
where the operator _
Ton(z0) = e #7207 ()
is obtained by (10.11) setting ¢ = 1.

That the operators fph(zo,to) are unitary for each (z9,%p) € R2" x R, is
obvious since we have

| Ton (20, to) ¥ (2)[? = [T (2 — 20)|?

and hence
[ oot W) P = |y

A straightforward calculation moreover shows that

~ ~ ~

Tph(ZO, tO)Tph(zla tl) = Tph(ZO =+ 21, to =+ tl + %0’(2’0, Zl)) (1013)

so that Tpy, is indeed a representation of H,, on some subspace of L%(R2") (cf.
formula (6.12 in Chapter 6, Subsection 6.1.2). We will describe this space in Sub-
section 10.2.2 but let us make the following remark: we could actually have decided
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to let the Heisenberg—Weyl operators themselves act on phase-space functions by
the formula

~ i 1

T(Zo,to)\l/(z) — eﬁ((?o@)*a(?o@o))\y(z _ ZO)-

The reason for our choice

~

Ton(20) ¥ (2) = e~ T7E2000P (2 — z)

is that it places, from the very beginning, the variables x and p on the same
footing, and is thus consistent with our program, which is to arrive at a Schrodinger
equation in phase space having the desired symmetries.

Observe that the operators fph satisfy the same commutation relation as the
usual Weyl-Heisenberg operators:

~ ~ i ~

Ton(21)Tpn(20) = €~ H70) Ty (20) Ty (1) (10.14)

and that we have

~ ~

Ton(20)Tpn(21) = e#"(zo’zl)fph(zo + z1). (10.15)

We will see in Section 10.2 that the operators fph(zo, to) lead to a new irre-
ducible unitary representation of the Heisenberg group H,, on a closed subspace
of L#(R2") which is unitarily equivalent to the Schrédinger representation. Let us
first briefly state and discuss the Stone—von Neumann theorem.

10.1.3 The Stone—von Neumann theorem

As we showed in Chapter 6 (subsection 6.1.2) the Heisenberg—Weyl operators lead,
via the formula v
T(z0,t0) = e7'°T (z0)

to an irreducible unitary representation of H,, in the Hilbert space L?(R"): the
only closed subspaces of L?(R”) which are invariant under all operators f(zo, to)
are {0} or L2(R?) itself. The Stone-von Neumann theorem classifies the irreducible
representations of the Heisenberg group:

Theorem 10.2. Let (T, H) be a unitary irreducible representation of the Heisenberg
group H,, in some separable Hilbert space H. Then there exists u € R such that
T(0,t) = et and:
(i) If pu =0, then dim'H = 1 and there exists zo € R2" such that T(z,t) = e*?0:2);
(ii) If p # 0, then the representation (T,H) is equivalent to the Schrédinger
representation (T, L*(R")).

We will not prove this result here, and refer to Wallach [175] (who reproduces
with minor changes a proof by Barry Simon), or to Folland [42] (who reproduces
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Stone’s original proof); the reader will find an alternative proof in the first chapter
of Lion and Vergne [111].

Stone and von Neumann’s theorem is actually a consequence of a much more
general theorem, due to Frobenius and Mackey, the theorem on systems of im-
primitiwities; see Jauch [99] (Ch. 12, §3) for a detailed discussion of that deep
result and of its consequences for quantum mechanics (Mackey discusses in detail
the genesis of the notion in [117]).

It is important to understand that, contrary to what is sometimes claimed in
the literature on representation theory, Stone-von Neumann’s theorem does not
say that the Schrodinger representation is the only possible irreducible representa-
tion of H,,. What it says is that if we succeed in one way or another in constructing
a unitary and irreducible representation T” of H,, in some Hilbert space H, then
there will exist an isomorphism U : L?(R?) — ‘H such that

Uo j_\'(ZO,to) = f/(ZO,to) oU for all (Zo,to) S Rin

We are going to show in the next section that we can in fact construct, using a par-
ticular form of “wave-packet transform”, infinitely many unitary and irreducible
representations of H,,, each on a closed space of L?(R?"). This will automatically
lead us to a Schrodinger equation in phase space.

10.2 The Wigner Wave-Packet Transform

We are going to show that the symplectic phase-space representation

~

Ton(20)¥(2) = e_#"(z’zo)tkll(z — 2p)

is unitarily equivalent to the Schrodinger representation, and hence irreducible on
a closed subspace of L?(R2™). For this purpose we introduce a variant of the “wave-
packet transform” studied by Nazaikiinskii et al. [128], Chapter 2, §2. We want
to associate in a both reasonable and useful way to every 1 € L?(R”) a function
U € L2(R2"). That such a correspondence will not be bijective is intuitively clear
since functions on phase space depend on twice as many variables as those on
configuration space; we will therefore be confronted with problems of range. For
instance, we will see that elements of L?(R?") that are too sharply peaked and
concentrated around a phase space point cannot correspond to any quantum state,
pure or mixed.

10.2.1 Definition of U,

In what follows ¢ will be be a rapidly decreasing function normalized to unity:

¢ € SRY) , |lgllZe@s) =1- (10.16)
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Recall (Chapter 6, Section 6.4) that the Wigner—-Moyal transform of ¢, ¢ € S(RY)
is defined by

W (W, ¢)(2) = (ﬁ)n/e’%“”y)w(x +5y)d(a — 5y)d"y.
Definition 10.3. The integral operator Uy : L*(R") — L*(R2") defined by

Usth(z) = (Z2)"* W (1, 6)(L2) (10.17)

where W (¢, ¢) is the Wigner—Moyal transform of the pair (¢, ¢) will be called the
“Wigner wave-packet transform” associated with ¢; equivalently

Usth(2) = (%) (T(32)0,3) (10.18)

where T'(z) is the Grossmann—Royer operator and (-, -) the distributional bracket.

That (10.17) are equivalent for ¢ € S(R?) follows from the fact that we have
established in Chapter 6, Section 6.4 (formula (6.59) in Proposition 6.39) that

W (1, 0)(2) = (F5)" (T(2)0, 8)2(zy).-

Notice that formula (10.18) makes sense for ¢ € §’(RY), allowing the extension of
the Wigner wave-packet transform to tempered distributions.

We will prove below that the range of Uy is a closed subspace of L?(R2")
(and hence a Hilbert space); let us first give an explicit formula for Usy(z) in
terms of integrals and exponentials. Since

W, 6)(2.p) = (52)" / RPN Y(z + Ly)B(e — Ly)dy

n

we have
n/2 _n _ i - n
Uah(2) = (k)" 2 [ 00 u(3a + )3 — )"y
that is, setting x + %y =1,

Ugth(2) = (g25)""* exr o) / e (@G (@ — ol )dm (10.19)

Remark 10.4. An interesting (but not at all mandatory!) choice is to take for ¢
the real Gaussian y a e
dn(z) = ()" el (10.20)

s
The corresponding operator Uy, is then (up to an exponential factor) the “coherent
state representation” familiar to quantum physicists. In [128] Nazaikiinskii et al.
define an alternative wave-packet transform U by the formula

U6 = ()" [ b ona -~ uara. o)
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The operators U and Uy, are obviously related by the simple formula
Uy, = e P2y, (10.22)

The Wigner wave-packet transform is “metaplectically covariant”:

Proposition 10.5. For every ¢ € L*(R?) and S € Mp(n) we have the following
“metaplectic covariance formula” for the wave-packet transform:

Us(S)(2) = Ugr,(5"2) (10.23)

where 7MP(S) = .

Proof. Recalling the formula
W (84, 5¢)(2) = W (1w, 9)(5~"2)

(Proposition 7.14, Chapter 7) we have, by definition of Uy,

Us(S¥)() = ()" W (8w, 9)(32)
= ()" W, 5 9)(3571)
= Ug_1,0(8712)
which was to be proven. O

The interest of the Wigner wave-packet transform Uy comes from the fact
that it is an isometry of L?(R%) onto a closed subspace Hy of L?(R?") and that
it takes the operators x and —ihd, into the operators x/2 + ihd, and p/2 — ihd,,
respectively:

Theorem 10.6. The Wigner wave-packet transform Uy has the following properties:

(i) Uy is an isometry: the Parseval formula

(Ugh, Up®') p2meny = (1, 9) L2 &) (10.24)

holds for all ¥, € S(RY). In particular UgUs =1 on L?(R?).
(ii) The range Hgy of Uy is closed in L*(R?") (and is hence a Hilbert space), and
the operator Py = UgUg is the orthogonal projection in L2(R2™) onto Hy.
(iii) The intertwining relations

1 L 0
<§Ij + zh—apj> Ugth = Uy (), (10.25a)
19 D

hold for ¢ € S(RY).
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Proof. (i) Formula (10.24) is an immediate consequence of the property
(W@, 0), W', ¢ ) r2meny = (525) " (0:0")L2@n) (95 ') L2 @) (10.26)

of the Wigner—-Moyal transform (Proposition 6.40, Section 6.4 of Chapter 6). In
fact, taking ¢ = ¢’ we have

(Upt), Upt)") L2 (m2n) = (%h)n/W(w,¢)(%Z)W(¢’»¢)(%Z)d2"2

= (2mh)" (W (), ¢), W (¥, 6)) 12 (m2n)
= (0, 9) 2y (6 D) L2 Ry

which is formula (10.24) since ¢ is normalized to unity.

To prove (ii) we note that, since P; = Py and UjUy = I, we have

Py = (UsU3)(UsUy)
=UzUy
= P¢7
hence Py is indeed an orthogonal projection. Let us show that its range is Hgy;
the closedness of Hy will follow since the range of a projection in a Hilbert space
always is closed. Since UjU; = I on L?(R") we have UsUstp = 9 for every ¢ in

L?(R?) and hence the range of Uj is L2(R?). Tt follows that the range of U, is
that of UyUj = P and we are done.

(iii) The verification of the formulae (10.25) is purely computational, using differ-
entiations and partial integrations; it is therefore left to the reader. O

The intertwining formulae (10.25) show that the Wigner wave-packet trans-
form replaces the usual quantization rules

rj—x , pj — —th=—

8.’,Ej
leading to the standard Schrédinger equation to the phase-space quantization rules
1 9]
Z; —x; +ih=— , x; =p; — th=—;
J—>2 J+ 8pj J—)2p] 8xj

observe that these rules are independent of the choice of ¢ and are in this sense
“intrinsic”.

Exercise 10.7. Show that the adjoint UJ of the Wigner wave-packet transform Uy
is given by the formula

U;\IJ(I) _ (ﬁ)"m //eﬁ<p,zfz”>\1/(xerl/’p)(b(x//)dnpdnx//
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or, equivalently,
* n/2 - T— n,. n
U () = (55)" //ezﬁw DU (q,p)p(q — x)d"pd"q.

[Hint: evaluate (Ugt), ¥)p2(rn) using formula (10.19).]

10.2.2 The range of U,

One should be aware of the fact that the range H, of Uy is smaller than L?(R2").
This is intuitively clear since functions in L?(R?") depend on twice as many vari-
ables as those in L?(R”) of which H is an isometric copy. Let us discuss this in
some detail.

Theorem 10.8. Let ¢y, be the Gaussian (10.20): ¢p(x) = (wh)~"/4e==rlel’.
(i) The range of the Wigner wave-packet transform Uy, consists of the functions
U € L%(R2™) for which the conditions

(5% — i) [ ()] =0 (10.27)

hold for 1 <j<mn.

(ii) For every ¢ the range of the Wigner wave-packet transform Uy is isometric
to Hg,

Proof. (i) We have Uy, = e~ 27 »*){/ where U is the operator (10.21). It is shown
in Nazaikinskii et al. [128] (Chapter 2, §2) that the range of U consists of all
U € L?(R2") such that

(% — i%) {eﬁlplzﬁ/(z)} =0 for 1<j<n
(the proof of this property, based on the Weierstrass theorem, is rather long and
technical and is therefore omitted here). That the range of Uy, is characterized
by (10.27) follows by an immediate calculation that is left to the reader.

(ii) If Uy, and Uy, are two Wigner wave-packet transforms corresponding to the
choices ¢1, ¢ then Uy, Ug is an isometry of Hy, onto He,. O

The result above leads us to address the following related question: given
U € L2(R2"), can we find ¢ and v in L?(R?) such that ¥ = U,? We are going
to see that the answer is in general no. Intuitively speaking the reason is the
following: if ¥ is too “concentrated” in phase space, it cannot correspond via the
inverse transform U, ! = U* to a solution of the standard Schrédinger equation,
because the uncertainty principle would be violated. Let us make this precise when
the function ¥ is a Gaussian. We first make the following obvious remark: in view
of condition (10.27) every Gaussian

To(z)=Ce =l | cec
is in the range of Uy, , ¢r the “coherent state” (10.20).
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Theorem 10.9. Let G be a real symmetric positive-definite 2n X 2n matriz and
denote by Vg the Gaussian defined by

Ug(z) = e 7 (G=2) (10.28)

(i) There exist functions ¢, ¢ € S(RY) such that Uyyp = V¢ if and only if
G € Sp(n). When this is the case we have

o=aSlgn . ¢ =2"a(@n)" 5 gy

where ¢, is the Gaussian (10.20), « an arbitrary complex number with |a| =
1, and § € Mp(n) has projection S € Sp(n) such that G = STDS is a
Williamson diagonalization of G.

(i) Equivalently, |¥¢|?> must be the Wigner transform W1 of a Gaussian state

1
() = c(rh)"? (det X)"/2e™ 2 (M) (10.29)
with |c| =1, M = MT, Re M > 0.

Proof. In view of the relation (10.17) between Uy and the Wigner-Moyal trans-
form, Ugyp = Vg is equivalent to

n/2 _2

W(l/’»@(z) = (%) e h(Gz,z).

By Williamson’s symplectic diagonalization theorem (Theorem 8.11, Subsection
8.3.1) there exists S € Sp(n) such that G = ST DS where D is the diagonal matrix

A O .
D—{O A} , A =diag[A1,..., A\,

the numbers £iX1, ..., A, (A; > 0) being the eigenvalues of JG~1; since (Gz, z) =
(DSz,Sz),

W(,¢)(S™12) = (%)"/2 e~ 2(Dz,z)

In view of the metaplectic covariance property of the Wigner—-Moyal transform
(Proposition 7.14 of Chapter 7, Subsection 7.1.3) we have

W(1,6)(5712) = W(S¢,59)(2)
where S € Mp(n) has projection S; it follows that Ugt) = U is equivalent to
I~ n/2 _2(Dy 2
Usy(S0)(2) = (Z)"* 7P,

By definition of the Wigner—Moyal transform this is the same thing as

=

(%)"" / e RPN G(x + Ly)Sg(x — Ly)dty = 2ne R (P22,
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that is, in view of the Fourier inversion formula,

Q T n n/2 —Li —2(Dz,z) jgn
Sula+ h)Sole — k) = 2" ()" [ ke B0y

= (2)2 k) / e~ kP o~ 4 App) gy
Setting M = 2A in the generalized Fresnel formula
(ﬁ)"/z/e*%(F,we*%(MP»P)dnp = (det ]\/[)*1/26—ﬁ<M*1y7y>7

valid for all positive definite symmetric matrices M (¢f. formula (7.61) in Chapter
6, Subsection 7.4), we thus have

§z/1(w + %y)g_(b(gc —3y) = 2/2(det, A)—1/2e—%((Aw»w>+%(/\y,y>)_

Setting u = x + %y and v =x — %y this is

Stp(u)Sep(v) = 22 (det A) /2

< exp |~ (A + A7) + o) +2(A — A7) (u,0)

and this equality can only be true if there are no products (u, v) in the right-hand
side. This condition requires that A = A~! and since A is positive definite this
implies A = I and hence A = I. It follows that

Se(w)Sg(v) = 27726 (Il +1vl)
so that setting successively u =z, v =0and u =0, v = z,
Q 2

Sub()356(0) = §u(0)5e(x) = 27/~ 357",

It follows that both §1/1 and §¢ are Gaussians of the type

-~

Su(x) = (0)e= " S(z) = S(0)e T

¢ being normalized to unity so is §¢ (because S is unitary); this requires that
S¢ = ag¢p with |a| = 1 and hence ¢(0) = a(wh)~"/%. Since 1(0)p(0) = 2"/2 we
must thus have R

Sy(0) = 2@ (k)™
which concludes the proof of part (i) of the theorem.

To prove (ii) we note that it follows from formula (8.32) in Proposition 8.47 (Chap-
ter 8) that the Wigner transform of a Gaussian

1 .
W(z) = (71'71)"/2 (det X)l/zefﬁ«XﬂY)x,x)
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is given by

Wip(z) = e 7(G22)
where G is the positive definite symplectic matrix

oo [X+YXTly vx!
| xv X!

Conversely, every such S € Sp(n) can be put in the form above, which ends the
proof of (ii) since the datum of W1 determines ¢ up to a complex factor with
modulus one. ]

10.3 Phase-Space Weyl Operators

We now have the technical tools that are needed to define and study the phase-
space Weyl calculus which will lead us to the Schrodinger equation in phase space.

10.3.1 Useful intertwining formulae

The relation between the Wigner wave-packet transform and the operators

~

Ton(20,t0) is not immediately obvious; we will see that Uy actually acts, for ev-

ery ¢, as an intertwining operator for fph(zo,to) and T(zo,to). Because of the
importance of this result we give it the status of a theorem:

Theorem 10.10. Let Uy, ¢ € S(RY), be an arbitrary Wigner wave-packet trans-
form.

(i) We have, for all (z0,t0) € Rﬁf;“,
Tpn(20,t0)Us = UpT (20, t0); (10.30)
(ii) The following intertwining formula holds for every operator Eph:
AUy = UyA. (10.31)
Proof. (i) It suffices to prove formula (10.30) for ¢, = 0, that is
Ton(20)Uyp = UpT (20). (10.32)

Let us write the operator Uy in the form Uy = eﬁp'Iqu where the operator Wy
is thus defined by

Wyth(2) = (55)""" / e 7 g(a — a'yp(a)d"a. (10.33)
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We have, by definition of fph(zo),

T\ph(zo)Uqbzﬁ(z) = exp [%(0’(2}, 20) + (p — po,x — x0>)] Wath(z — 20)

= xp |55 (-2 () + (o0} + (2| Wbz 20

and, by definition of Wy,

Woth(z = 20) = (545)""” / O CaL
= (gt) "2 eF o) [ i) oo - atyp(a e

27h

where we have set 2"/ = 2’ + 9. The overall exponential in fph(zo)U¢1/)(z) is thus

= exp [ g (= o) + () = 200) 42 )]

Similarly,

Us(T(20)0)(2) = (g5)"* e )

27mh

X /67%<p’x”>¢(gc - x”)e%(<1’0@”>_%<p0’5”°>)1/1(gc” — xo)d"x"
yielding the overall exponential

us = exp | % (5 (p,) — (p,a") + (po,a") — = (po,a0) ) | = .
h\2 2

Let us prove formula (10.31). In view of formula (10.32) we have
Ast = (40)" [ (Fo ) o) Ton o) Uot) "2
= ()" [ FaA) ) UalT o)) (2
— ()" Vs ([ )T Co) 00
— Uy A0)(2).

(The passage from the second equality to the third is legitimated by the fact that
Uy is both linear and continuous.) O

An immediate consequence of Theorem 10.10 is:
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Corollary 10.11. The representation fph of the Heisenberg group H,, is unitarily
equivalent to the Schrédinger representation and is thus an irreducible representa-
tion of H,, on each of the Hilbert spaces He.

Proof. The intertwining formula (10.30) implies that fph and T are unitarily equiv-
alent representations of H,,; the irreducibility of the representation H,, then follows
from Stone-von Neumann’s theorem. |

Let us now state the main properties of the operators A\ph; as we will see
these are simply read from those of the usual Weyl operators using the intertwining
formula, AphU¢ = U¢A

10.3.2 Properties of phase-space Weyl operators
The phase-space Weyl operators

o~

Apn = (ﬁ—h)n/ag(zo)fph(zo)d%zo

enjoy the same property which makes the main appeal of ordinary Weyl operators,
namely that they are self-adjoint if and only if their symbols are real. This is part
of the following result where we also investigate the relation between the spectra
of usual and phase-space Weyl operators:

Proposition 10.12. Let A\ph and A be the operators assoctated to the Weyl symbol a.

(i) The operator A\ph is symmetric if and only if A is, that is, if and only if
a=a.

(ii) Every eigenvalue of A is also an eigenvalue of A,y (but the converse is not
true).

Proof. (i) By definition of Eph and fph we have

-

)n/aa(zo)e_%"(z’z‘))\lf(z — 20)d2"zo

>

Aph\ll(z) = (271'
- (ﬁ)n/%(z — e =)
hence the kernel of the operator Eph is

K(z,2') = (25)" e g, (2 — 7).

In view of the standard theory of integral operators /Alph is self-adjoint if and only
if K(z,2") = K(2/,2); using the antisymmetry of the symplectic form we have

K(,2) = (ﬁ)neﬁ”(z’z/)ag(z’ —2),
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hence our claim since, by definition of the symplectic Fourier transform,

w2 = ()" oot
= Fa(z—2).

(ii) Assume that Ay = \; choosing ¢ € S (R?) we have, using the intertwining
formula (10.31),

Us(A) = Apn (Usth) = NUg,

hence ) is an eigenvalue of Aph. O

Notice that there is no reason for an arbitrary eigenvalue of Eph to be an

eigenvalue of A\; this is only the case if the corresponding eigenvector belongs to
the range of a Wigner wave-packet transform.

Let us next establish a composition result:

Pr0p051t10n 10.13. Let a, and b, be the twisted symbols of the Weyl operators Aph

and Bph The twisted symbol c, of the compose Apthh is the same as that of AB
that is

co(2) = (ﬁ)n/e% o(%7) g o(z — 2 )bo (2)d*" 2.

Proof. By repeated use of (10.31) we have

o~

(gphgph)Uqb - Aph(épthb)
= AnUyB
= Uys(AB),

hence Ephéph = (/Alé)ph; the twisted symbol of AB is precisely ¢, (Theorem 6.30,
Chapter 6, Subsection 6.3.2). O

In Theorem 9.21 of Chapter 9 (Subsection 9.2) we showed that the class
of Weyl operators with L? symbols was identical to the class of Hilbert-Schmidt
operators. Not very surprisingly this identification carries over to the case of phase-
space Weyl operators:

Proposition 10.14. Let ¢ € S(R2™) and U, the corresponding Wigner wave-packet

transform. The correspondence a «— A, induces an isomorphism between
L2(R?) and the space of Hilbert-Schmidt operators on the range Hy of Ug.

Proof. This is an immediate consequence of the aforementioned Theorem 9.21
since Uy is an unitary isomorphism L*(R?) — H. O
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We leave it to the reader to restate the continuity properties proven in Chap-
ter 6, Subsection 6.3.1 for Weyl operators in terms of the corresponding phase-
space operators.

One of the most agreeable features of standard Weyl calculus is its covariance
under symplectic transformation of the symbols. In the next subsection we examine
the symplectic covariance of the phase-space calculus.

10.3.3 Metaplectic covariance

Recall from Chapter 7, Section 7.4 (Proposition 7. 37) that each operator S e
Mp(n) can be written as a product S = R, (Sw )R, (Sw~) where R, (Sw) and
R, (Sw+) are in Mp(n) and correspond to a factorization of § = Sy Sy~ by free
symplectic matrices such that

det[(Sw — I)(Swr — I)] # 0;

the operators R, (Sw) and R, (Sy) are of the type

R, (Sw) = (z)dQ"z

() T [
o W

for det(Sw — I') # 0 where
1
Mgy, = 5J(Sw +1)(Sw — n!

is the symplectic Cayley transform of S.
In conformity with what we have done above we associate to each operator

)d2n

~ 1 \"
5 (Mszz
R(s) = (m) ﬁ — [ e

such that det(S — I) # 0, a phase-space operator by the formula

R.(S) Ton(2)d™"z.

n

o1 (Msz,z)
oh (27Th) V| det(S /6
The operators R (Sw)ph generate a group of operators acting on L2(R2") which
is isomorphic to Mp(n); it is the same group as that generated by the R, (S)pn
with det(S —I) # 0.
Definition 10.15. The group generated by the operators RU(S)ph is denoted by
Mp,;, (n); we will call it the group of metaplectic phase-space operators, and denote

by §ph the element of Mp,,(n) corresponding to S € Mp(n).
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We have:

Lemma 10.16. Let S € Sp(n) be such that det(S — I) # 0. The operator EU(S)ph
can be written as

R e~ (S — 1)2)d* =z (10.34)

= (537) s/

or, equivalently,

Ro(S)pn = (%) RV ] / Ton(S)Ton(=2)d®z.  (10.35)

Proof. 1t is, mutatis mutandis, the same as the proof of Lemma 7.32 in Section
7.4 of Chapter 7 for the Weyl operators R, (S). |

We are going to show in a simple way that the well-known “metaplectic
covariance” relation
AoS=5"148 (10.36)
for standard Weyl operators (Theorem 7.13, Subsection 7.1.3 of Chapter 7) ex-
tends to the phase-space Weyl operators /Alph, provided one replaces Mp(n) with
Mp,,(n).

Proposition 10.17. Let S be a symplectic matrixz and §ph any of the two operators
m Mpph(n) associated with S. The following phase-space metaplectic covariance
formulae hold:

~

SonTpn(20)S5,1 = Tyn(Sz) . Ao Spy = S A8, (10.37)

Proof. To prove the first formula (10.37) it is sufficient to assume that §ph =

]/%,,(S)ph with det(S — I) # 0 since these operators generate Mp,;,(n). Let us thus
prove that R R A
Tph(SZO)Sph = Spthh(Zo) if det(S - I) #£0 (10.38)

where, in view of (10.35) the operator §phis the Bochner integral
§ph = Cg/fph(Sz)fph(—z)dQ"z

with
Cs = (52)" "/ det(S - I)|.
‘We have
Tph(SZO)Sph = CS/Tph(SZO)Tph(SZ)Tph(—Z)dQnZ

and, similarly

~

SpuTpn(z0) = Cs / Ton(S2)Tpn(—2)Tpn(20)d*" 2.
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Since the constant C's does not play any special role in the argument we set
Alzo) = / Ton(S20)Ton (S2) Fon (—2)d2"z,
B(zo) = / Ton(S2)Ton(—2)Ton (20) "=
We have, by repeated use of formula (10.15),
A(z0) = /e%‘bl“’zf’)fph(sm (S — I)z2)d?>,
B(z) = /e%%('z’zf’)fph(zo + (S = I)z)d®z

where the phases ®; and ®5 are given by

Dy (z,20) = 0(z20,2) —(S(z + 20), 2),
Dy(z,20) = —0(Sz,2) + o((S — Iz, 2p).

Performing the change of variables z/ = z + 2z in the integral defining A(zg) we
get

A(Zo) _ /eﬁél(z’,zo,zo)fph(,?:o + (S B I)Z/)d2nzl
and we have

‘1)1(2/ — 20, 20) = 0 (20, 2 - 20) — U(SZ/» Z - 20)
=0o((S—1)2',20) — (52,2
= @2(2}/,2’0),

hence A(zg) = B(zp) proving (10.38). The second formula (10.37) easily follows
from the first: noting that the symplectic Fourier transform satisfies

Fo[Ao S|(z) = (ﬁ)n/ef%‘f’(zo,zl)A(Sz/)dQHZ/

_ (L)"/e—%a(Szo,z/)A(zl)d2nzl
= F,A(Sz),
we have

Zo\Sph = (ﬁ)n/faA(Sz)fph(z)dznz

|H
>

= (271' )n/fUA(Z)j;ph(SilZ)dQHZ
= (z7)" / FoA(2)85 Ton(2) Spnd? =

which concludes the proof. (|
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10.4 Schrodinger Equation in Phase Space

We now have all the material we need to derive the phase-space Schrodinger equa-
tion

GAVNPN
zha = Hyv (10.39)
formally written in the beginning of this chapter as
ov
mg = H(3x + ih0,, 3o — ihd,)V;

the operator on the right-hand side is actually the phase-space Weyl operator ﬁph
with symbol the Hamiltonian H.

10.4.1 Derivation of the equation (10.39)

The following consequence of Theorem 10.10 above links standard “configuration
space” quantum mechanics to phase-space quantum mechanics via the Wigner
wave-packet transform and the extended Heisenberg group studied in the previous
sections.

Proposition 10.18. Let Uy, ¢ € S(RY), be an arbitrary Wigner wave-packet trans-
form.

(i) If ¢ is a solution of the standard Schrédinger’s equation
ih— = H
ih—, v,
then ¥ = Uyt is a solution of the phase-space Schriodinger equation

ov -
(ii) Assume that ¥ is a solution of this equation and that ¥y = ¥(-,0) belongs

to the range Hy of Ug. Then ¥(-,t) € Hy for every t for which ¥ is defined.
Proof. Since time-derivatives obviously commute with U, we have, using (10.31),

ov o _
Zﬁa =Uy(Hv) = Hpn(Ugy) = Hpp ¥,

hence (i).

Statement (ii) follows. O
The result above raises some interesting physical questions: since the so-

lutions of the phase-space Schrodinger equation (10.40) exist independently of

the choice of any isometry Ug, what is the relation between the corresponding
configuration-space wave-functions ¢ = U ¥ and v =U o7
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Proposition 10.19. Let ¥ be a solution of the phase space Schrodinger equation
(10.40) with initial condition Wy and define functions ¥y and 1y in L*(R?) by

U = Uy, 01 = Ug, 2.

We assume that Wo € He, N Heg,-

(i) We have U(-,t) € Hy, N Hey, for all t .
(ii) If (¢1,92)r2(mn) = 0 then 1 and b2 are orthogonal quantum states:

(Y1, %2)L2(rn) = 0.

Proof. The statement (i) follows from Theorem 10.18(iii). In view of formula
(10.26) we have

(Uss 1, Ugy¥2) L2(reny = (01, 02) L2 (mn) (Y1, ¥2) L2(R),

that is
19|72 gany = A1, %2) 2@n) » A= (61, 92)L2(Rr)-

Property (ii) follows. O

Suppose now that (v;); and (¢y)r are complete orthonormal systems in
L?(R7) and define vectors ¥ in L2(R2?) by ¥, = Ug,¢;. Since the Uy, are
isometries and

(Zje, By p2weny = (Pr, O ) p2(ren) (Vg5 Vi) L2(Re) = 0557 Ok

it follows that (3,x);x is an orthonormal system in L?(R2"). It is legitimate to ask
whether this system is complete; equivalently could it be that the subspace

H=Hi©oH & - - QHND---

with Hy the range of Ug,, is identical to L?(R2")? The answer is no, because
there are square-integrable functions which do not belong to the range of any of
the Wigner wave-packet transforms: we have proven in Subsection 10.2.2 (Theorem
10.9) that the only non-degenerate Gaussians

\I/G (Z) — e~ % (Gz,z).
which belong to the range H4 of some Wigner wave-packet transform Uy are those

for which we have G € Sp(n).

10.4.2 The case of quadratic Hamiltonians

There is an interesting application of the theory of the metaplectic group to
Schrodinger’s equation in phase space. Assume that H is a quadratic Hamilto-
nian (for instance the harmonic oscillator Hamiltonian); the flow determined by
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the associated Hamilton equations is linear and consists of symplectic matrices
S:. Letting time vary, thus obtain a curve ¢ — S} in the symplectic group Sp(n)
passing through the identity I at time ¢ = 0; following general principles to that
curve we can associate (in a unique way) a curve t — S; of metaplectic operators.
Let now 19 = 1o (z) be some square integrable function and set ¢(z,t) = §tz/10(:1c).
Then 9 is just the solution of the standard Schrédinger’s equation

N

ihoe = HY . 9(,0) =y (10.41)

-~

associated to the quadratic Hamiltonian function H. (Equivalently, S; is just the
propagator for (10.41).) This observation allows us to solve explicitly the phase-
space Schrodinger equation for any such H. Here is how. Since the wave-packet
transform U automatically takes the solution ¢ of (10.41) to a solution of the
phase-space Schrodinger equation

G\ PN
ZFLE = ph\Ij,

we have

U(z,t) = (Sy)pn¥(2,0).
Assume now that the symplectic matrix S; is free and det(S; — I') # 0; then
U(z,t) = Ry(Si)pn¥(z,0) (10.42)
where

n/2 :m(t)—Inert Wgs(t) )
1 ; ~
) i e (Ms (20,20 T 50y g2 5

2rh)  /[det(S; — 1)

m(t), Ws(t), and Mg(t) corresponding to S;. If ¢ is such that S; is not free, or
det(S; — I) = 0, then it suffices to write the propagator S; as the product of two

ﬁx&»h=(

operators of the type R,(S )ph; hote however that such values of ¢ are exceptional,
and that the solution (10.42) can be extended by taking the limit near such ¢
provided that one takes some care in calculating the Maslov and Conley—Zehnder
indices.

Here is a simple but nevertheless interesting illustration. Let H be the Hamil-
tonian function of the one-dimensional harmonic oscillator put in normal form
w

2

H = =(p* +2%).

An immediate calculation, which is left to the reader as an exercise, shows that
the associated phase-space Weyl operator is

- Rw (92 02 hw (0 O\ w4,
fin= =1 (g ) ~ % (v~ o) + 50"+
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The one-parameter group (S;) is in this case given by

coswt sinwt
Sy = .
—sinwt coswt

and the Hamilton principal function by

1

W(z,2';t) =
(2, 251) 2sinwt

(2% + 2'*) coswt — 2xa’).

A straightforward calculation yields

sin wt wt
it 0 1 [cot(2t) 0
MS(t) = | TZcoswit2 sin w :| =5 |: 2 wt
0 —2cos w)§5+2 2 0 COt(T)
and
det(S; — I) = 2(1 — coswt) = 4sin’*(4);
moreover

Waa(t) = —tan(4).

Insertion in formula (10.42) yields the explicit solution

v (@)

U(z,t)

9 [2nhsin()[ 2

v wt | &~
x/exp [E(xg—l—pg)cot(?) Ton(20)¥(z,0)d?z,

where the Conley—Zehnder index v(t) is given by

0if 0<t<x,
v(t) = : “
=2 it =2 <t <0.

10.4.3 Probabilistic interpretation

Let us begin by discussing the probabilistic interpretation of the solutions ¥ of
the phase-space Schrodinger equation

S\ JEPN
ZFLE = ph\Ij
where flph is a symmetric operator.
Let ¢ be in L?(R?); if 4 is normalized, then so is ¥ = Uyt in view of the
Parseval formula (10.24):

[l L2y =1 <= [|¥]|L2@en) = 1.

It follows that |¥|? is a probability density in phase space. That this property is
conserved during the time-evolution is straightforward:
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Proposition 10.20. Let p(z,t) = |¥(z,t)[2. We have

/p(z,t)dQ"z = /p(z,O)dQ"z

for all t € R. In particular p(z,t) is a probability density if and only if p(z,0) is.

Proof. The argument is exactly the same as when one establishes that the L?-norm
of the solution 1 of Schrodinger’s equation is conserved in time: we have

mg—f = (Hpn©)V — (Hp, 0) 0

i ~ s
and hence, since Hpn = Hp,:

171 -~ ~
5t p(z,t)d2"z = 7 [(th\lf, \I/)L2(]R§n) — (Hpm ¥, \I/)L2(]R§n):| =0

so that [p(z,t)d*"z is constant; taking ¢t =0 this constant is precisely [ p(z,0)d*"z.
O

Exercise 10.21. Give another proof of the proposition above when W is in the range
of the wave-packet transform.

It turns out that by an appropriate choice of ¢ the marginal probabilities can
be chosen arbitrarily close to |¢|? and |F1|%:

Theorem 10.22. Let 1) € L?(R?) and set ¥ = Ugi).
(i) We have

[0 P = (16 « [0P) o) (10.43)
[ 1w p) P = (Fo «1FuP) ), (10.41)

ii) Let = (4 , e the mathematical expectation of the symbo i the
ii) Let (A " A, 1) be th h l f th bol A h
normalized quantum state 1. We have

o~

(A)y = (AW, W) oy, W = U, (10.45)
Proof. We have, by definition of W,
W(2)* = (ﬁ)n// e_%<p””/_$”>¢(x —2)p(x — "2 (2" )d" ' d 2"
Since we have, by the Fourier inversion formula,

/efﬂp’f*x,»d"p = (2wh)"6(2" — "),
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it follows that

/I\If )2d"p // 5’ — )| olw — 2) 2| () P
7/ {/5@ —a")d"z N} |p(z — 2')|?|p (") |2d" '

- / 6@ — o) Plla) Pd

hence formula (10.43). To prove (10.44) we note that in view of the metaplectic
covariance formula (10.23) for the wave-packet transform we have

Us(J¥)(2,p) = Ugtp(—p, 7)
where J = i~"/2F is the metaplectic Fourier transform. It follows that
Urg(FY)(x,p) = i "Ustp(—p, )
and hence changing (—p, x) into (z,p):

Ustp(z,p) = i"Upy (F)(p, —x).
And hence, using (10.43),

/ U, p) P = / Upo(F)(p, )"z
= [WesF o). 0)Pds = (F6? + |FoP) o)

which concludes the proof of (10.44). To prove (10.45) it suffices to note that, in
view of the intertwining formula (10.31) and the fact that Uj; = U;l, we have

(Apn ¥, V) L2 geny = (A ApnUgth, Usth) 12 2(R2n)
= (Ug phUtﬁ"/J»'l/J)Lz(Rg) = (AY,¥)r2(rn)
proving (10.45). O

The result above shows that the marginal probabilities of |¥|? are just the tra-
ditional position and momentum probability densities |1|?> and |F1|? “smoothed
out” by convoluting them with |¢|? and |F¢|? respectively.

Let us investigate the limit # — 0. Choose for ¢ the Gaussian (10.20):

O(x) = on(w) = ()" el

The Fourier transform of ¢ is identical to ¢,

Fon(p) = (&) e a7 = g,(p),
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hence, setting ¥y, = Uy, ), and observing that |¢5|* — § when i — 0:
lim [ [n(ap)Pd"p = (0P [on?) ) = 00
timy [ [n(z,p)Pd = (PO« on)0) = (o).

Thus, in the limit 2z — 0 the square of the modulus of the phase-space wavefunction
becomes a true joint probability density for the probability densities [1|? and
|F)2.

Let us now return to the notion of density operator which was discussed
in detail in Chapter 9. We showed in particular that an operator p on L?(R?)
was a density operator if and only if its Weyl symbol is a convex sum of Wigner
transforms of functions ¢; € L%(R"):

p:Z)\jW1/}j, )\JZO s Z)\jil
J J

To p we can associate the phase-space operator ppn; notice that ppn is automat-
ically self-adjoint since p is (Proposition 10.12(i)). The following result is almost
obvious; we nevertheless give its proof in detail.

Proposition 10.23. Let p be a density operator on L?(R™). The restriction of pyn
to any of the subspaces Hy = Range(p), ¢ € S(RY), is a density operator on Hy.

Proof. Since ppy is self-adjoint there remains to prove that ppn is non-negative
and that ppn is of trace-class with Tr(ppn) = 1. Since we have ppn ¥ = UypUjs ¥
for every ¥ € U, we have for such a ¥,

(Pon ¥, V) 2(rzny = (UppUg V¥, V) p2(r2n)

= (PUZY, UZ¥) 2(rn)
and hence (ppn¥, W) 2(gen) > 0 since (), 1) L2rny > 0 for all ¢ € L*(R}); ppn is
thus a non-negative operator. Let us show that p,, is of trace class and has trace
1. Choose an orthonormal basis (¥;); of Hy; then (¢;); with ¢; = Us¥; is an

orthonormal basis of L?(R”) (because Uy is an isometry of L*(R?) onto Hy). We
have

(Pon¥5, U)o (men) = (PUG W5, UG ¥;) L2 ()
= (P¥j, ¥5)L2(mr)

and hence

> (Bon®;, W) pameny = > (A5, 05) L2 = 1

J J

since p is of trace class and has trace 1. (|
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10.5 Conclusion

We have sketched in this last section a theory of Schrodinger equation in symplectic
phase space which is consistent with the Stone—von Neumann theorem; by the
properties of the wave-packet transform, the theory of the ordinary Schrédinger
equation on “configuration space” becomes a particular case of our constructions.
One must however be aware of the fact that the quantization scheme

Weyl = =
H = H — Hy,

we have been using is not the only possible. While our choice was dictated by
considerations of maximal symplectic covariance, there are, however, many other
possibilities. For instance, while it is accepted by a majority of mathematicians

and physicists that Weyl quantization H Wl [T is the most natural in standard
quantum mechanics, there are other ways to define the quantized Hamiltonian;
see for instance [128] for a discussion of some of these. Secondly, the phase-space
quantization scheme

% S 2 9 ) D1, .2 0
zj — Xjph = 5% +ihg- , pj— Pjpnspj — ihg

we have been using, and which leads to the correspondence H— ﬁph can be
replaced by the more general scheme

xj — X;fgh = ax; + ihﬁ% . Djr— Pﬁfh =yp; — ihé%
where «, 3,7,d are any real numbers such that 8y — ad = 1, and this without
altering the position-momentum commutation relations; in fact one verifies by an
immediate calculation that

{)?jffh, ﬁﬁfh} = iR

for all such choices. For instance the rule H — Hp, we have been using corre-

sponds to the case a = v = %, B8 =1, =—1, while the choicea ==1,v =0,

6 = —1 leads the the quantization rules

Tj— X —ih% , Dj— —iha%j
which have been considered by some physicists (see e.g. [162, 163]). Notice that
this choice is in a sense very natural, because, as is easily verified, it corresponds to
extending the Heisenberg—Weyl operators to phase space functions by the formula

~

T(Zo) — e%((?o@)*%(ﬁowo))T(ZO)

where T'(zo) is the usual translation operator T'(z9)¥(z) = ¥(z — 29).
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There are furthermore several topics we have not discussed in this section
because of time and space. For instance, what is the physical meaning of functions
U € L2(R2") that do not belong to the range of any wave-packet transform? These
functions are certainly (at least when they are not orthogonal to the range of every
Uy) related to the density matrix, but in which way? It would be interesting to
give a precise correspondence between these objects. Another topic which we have
not mentioned is that of the semi-classical approximations to the solutions of the
phase space Schrodinger equation

ovr -~
th— = v,
ar
I have in particular in mind the “nearby orbit method” (see Littlejohn [112] for a
nice description in the context of semi-classical analysis). The idea is the follow-
ing: to each 2y € R?" one associates the quadratic (inhomogeneous) Hamiltonian
function defined by

H.,(z,t) = H(z¢,t) + (H' (24, ), 2 — 2¢) + % (H" (24, t)(2 — 21), 2 — 21)

where ¢t — z; is the solution of Hamilton’s equations 2 = J3,H(z,t) passing
through zg at time t = 0 (H,, is thus the truncated Taylor series of H at z
obtained by discarding all terms O(]z — 2|3)). The corresponding flow (f°) is
then expressed in terms of translations and linear symplectic transformations;
lifting this flow to the inhomogeneous group IMp(n) one obtains a one-parameter
family of operators ﬁzf’ such that fg” is the identity. Let now v, = f(zo)l/Jo where
1o is the Gaussian defined by

Yo(e) = (eh) "/ tem il

such functions are called coherent states . It turns out that one proves that the
function ¢ = f;°v,, is a very good approximation (for small ¢ or small %) to the
solution of the Cauchy problem

L0 o

thor = Hy o 9(-,0) =t
(see Littlejohn [112] for a discussion and properties; very precise estimates are
given in Combescure and Robert [24]). It would certainly be interesting (and
perhaps not very difficult) to extend these results to the phase-space Schrédinger
equation.



Appendix A

Classical Lie Groups

A.1 General Properties

A Lie group is a group G for which the mappings g — ¢! and (g,g") — gg’
are continuous. A classical Lie group is a closed subgroup of a general linear group
GL(m,K) (K =R or C). Every classical Lie group is a Lie group; the converse is
not true: there are non-closed subgroups of GL(m,K) which are Lie groups.

Let G be a classical Lie group and define
g:{XEM(m,K):etXEGforalltGR}.

If X and Y belong to vector space g, then the commutator [X,Y] = XY — Y X
also belongs to g.

Definition A.1. g is called the Lie algebra of the classical Lie group G.

The following holds for every classical Lie group G:

e There exists a neighborhood U of 0 in g and a neighborhood V of I in G such
that the exponential mapping exp : X —— e* is a diffeomorphism &/ — V.

e If G is connected, then the set exp(g) generates G.

Cartan’s theorem, which we state below, is a refinement of the usual polar de-
composition result. Let us begin by defining a notion of logarithm for invertible
matrices:

Proposition A.2. Let K =R or C and let M be an invertible m x m matriz with
L

entries in K. There exists an m X m matriz L such that M = e*~.

Proof. Let A1,..., A, be the eigenvalues of M (counted with their multiplicities
m(\),...,m(\.)), and set By = Ker(M — A\, I)™*). Let My be the restriction
Mg, ; there exists a nilpotent matrix Ny such that My = A\l + Ny (see e.g. the
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first chapter of Kato [100]). Since C™ = E; & - - - @ E, it is sufficient to prove
the proposition when M = My, that is we may as well assume that M = Al + N
where \ # 0 and N* = 0 if k > ko for some integer ky > 0. Define L by

L = (log \)I +log(I + A™'N) (A1)
where we have set
. i pp ATENE
log(I +A\""N) = -1)" _ A2
ol +X7N) = 3 ()T (A2)

where log A is any choice of ordinary (complex logarithm). Direct substitution in
the power series defining the exponential shows, after some lengthy but straight-
forward calculations, that M = e’. O

We will write L = log M. Notice that even when M is real, log M is usually
complex; its definition actually depends on the choice of a determination of the
logarithm of a complex number via log A in formula (A.1). However:

Corollary A.3. Assume that M has a real square root /M: M = (v/M)?. Then

log M is a real matrix.

Proof. As in the proof of the proposition above it is no restriction to assume that
VM = A + N where A # 0 and N is nilpotent, and we thus have

VM = el L= (log\)I +log(I + \™'N)

where log(I + A~ N) is defined by a series of the type (A.2). Since v/ M is real we
have vM = M and thus

M = elel = elel,

Now, conjugating the series (A.2) we get

hence the result. O

Let us now state Cartan’s theorem:

Cartan’s Theorem Let M be a real or complex invertible matrix and X =
%Log(MTM). Then R = Me™X is orthogonal: RTR = I and the mapping
C:Mvr— (R, X) is a diffeomorphism

C : GL(m,C) — O(m, C) x Sym(m, C).
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A.2 The Baker—-Campbell-Hausdorff Formula

The exponential mapping exp : g — G does not satisfy the relation exp X expY
=exp(X +Y) if XY # Y X. The Baker—Campbell-Hausdorff formula says that,
however, under some conditions, there exists C(X,Y’) in g such that

XY — LO(XY).

More precisely:

Theorem A.4. Let || -|| be a submultiplicative norm on M (2n,R) and V' the subset
of M(2n,R) consisting of all M such that || X|| < 7/2.

(i) There exists a unique analytic function (X,Y) — C(X,Y) defined on V?
such that exp X expY = exp C(X,Y).
(ii) If X and Y belong to some Lie algebra g then so does C(X,Y).

For a complete proof see for instance Varadarajan [170]; it is based on the following
algorithm for constructing the analytic function C":

CX,Y) = C1(X,Y) + Co(X,Y) 4+ Cix + Y) + - --

where:

1
Ci(X,)Y)=X+Y , Cx(X,)Y) = §[X,Y]

and C;(X,Y) is a linear combination of commutators of higher order; for instance

Co(X,¥) = 51X, V], Y] = S [[X, Y], X],

Cu(X,Y) :-%[

The following immediate consequence of the Campbell-Hausdorff formula is useful
when dealing with the Heisenberg group:

Corollary A.5. Under the conditions in the theorem above assume that all com-
mutators of order superior to 2 are equal to zero. Then

expXexpY =exp(X +Y + 1[X,Y]).

A.3 One-parameter Subgroups of GL(m, R)

Let us review the notion of continuous one-parameter subgroups of the general
linear group GL(m,R) (m any integer > 1). Such a subgroup is determined by a
continuous homomorphism ¢ — ¢(t) of the additive group (R, +) into GL(m,R):
it is thus a continuous mapping ¢ : R — GL(m, R) such that

ot +t)=@t)pt') forall t,t' €R.

It turns out that continuity here implies differentiability:
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Proposition A.6. The mapping ¢ is infinitely differentiable and there exists an
m X m matriz X such that
() = exp(tX) (A.3)

for every t € R; in fact X = Dy(0).

Proof. Let us begin by showing that ¢ is C'"*°. Choose a smooth function 6 : R —
R with support contained in some closed interval [—a, a] (a > 0), and such that

/ 0(z)dz = 1.

Consider now the convolution product 6 * p; since o(t — x) = p(t)p(z) !

we have

a

Oxo)(t) = | O(x)p(t —z)dr = p(t)M(0, )

—a

where M (6, ) is the matrix

M@, ) = ’ 0(z)p(z) tdx.

—a

Let us show that if a is small enough, then M (0, ) is invertible; since 6 * ¢ is
differentiable, ¢ will also be differentiable since

o(t) = (0% ) (H)M(0,0)~".

Let || - || be any norm on the space of all m x m matrices; we claim that if a (and
hence the support of ) is small enough, then

[[M(0, ) — Inl|| < 1. (A4)
The invertibility of M (6, ¢) will follow since the series with general term

k

S =Y (=" (M — In)"

Jj=0

will then converge towards a limit S such that MS = SM = I,,,. Now,

a

M8, ¢) — Li|| < / 0()||p(x) " — Ln|lda

—a

< suplo(@) ™ = Inl|-

—a<z<a

Since ¢ is continuous we will have ||p(z) ™! — I,,,|| < 1 if a is small enough, hence
(A.4), and we have proven that ¢ is differentiable. Let us next show that there
exists a real matrix X such that ¢(t) = exp(tX). Differentiating both sides of the
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equality p(t +1t') = p(t) + ©(t') with respect to t' and setting thereafter ' = 0,
we get

d
—o(t) = p(t)X
P8 = ()
where X is the derivative of ¢ at 0. This is equivalent to the equation

& (exp(~X)p(t) = 0

and hence
o(t) = exp(tX)p(0) = exp(tX)

as claimed. O






Appendix B

Covering Spaces and Groups

We briefly review the elementary theory of covering spaces. For complete proofs
one can consult any book on algebraic topology (a few good references are Seifert—
Threlfall [148], Spanier [157], or Singer and Thorpe [154]).

Let M be a topological manifold, that is, a topological space which is locally
homeomorphic to some Euclidean space R™, and G will be a topological manifold
with an additional compatible group structure.

Put (very) concisely, a covering is a locally trivial fibre bundle with discrete
fibre. Let us unfold this definition a bit. Choosing a base point mgy in M one
denotes by M the set of all homotopy classes of continuous paths joining mg to
the points of M (the homotopy relation considered here is the usual homotopy
“with fixed endpoints”). Let us denote the class of a path joining mg to m by m,
and define a mapping 7 : M — M by () = m. One proves that there exists
a topology on M such that M is simply connected and 7™ becomes a continuous
function such that

e for every point m € M there exists an open neighborhood U,, of m in M and
a discrete set F}, such that 7=1(U,,) is the union of pairwise disjoint open
subsets U (k € Fy,) of M;

e the restriction of 7 to each U,(,f) is a homeomorphism U,gf) — Uy, (in par-

ticular, 7 is a local homeomorphism).

One says, committing a slight, but convenient, abuse of terminology, that M is
the universal covering of M (where it is understood that the base point is fixed
once for all); 7 : M — M is called the “covering mapping” and the inverse
image 7~ 1(m) is called the fiber over m. When M is connected, all fibers have
the same cardinality; one moreover shows that when M is a differential manifold,
then M is equipped with a differentiable structure for which 7 becomes a local
diffeomorphism such that d,, 7 has maximal rank m at each point m.
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There is a natural action of the Poincaré group m [M] = m[M, mg] on M:
let 4 be the homotopy class of a loop v in M originating and ending at mg, and
let m be the homotopy class of a path p joining mg to m in M. The homotopy
class of the concatenation 7 * u (i.e., the loop v followed by the path 1) is denoted
by 4m; the action

m[M] x M — M

thus defined is transitive on the fibers.

Regular coverings

Let T be a subgroup of 71 [M]; we denote by ' the set {37 : ¥ € T'}, and
Mr = {Tm:m e M}.

The mapping
I'm+—m

mr: Mpr — M

)

is called the covering of M associated with the subgroup I' of 1 [M]; we will use
the shorthand notation

Mr = M/T (hence M = M /m[M]).

If T is a normal subgroup of 71 [M], then 4(I'm) = I'(3m) for every 4 € T,

hence m1[M], or rather w1 [M]/T, acts on Mr = M /T and
w1 [M]/T = 71 (Mr).
The covering Mr is in this case called a regular covering of M. Notice that
M = Mr/(m[M]/T) = (M/T)/(m[M]/T) = M /mi[M].
The order of a covering Mr is the (constant) number of elements of each fibre

7t (m). Tt is equal to the order of the group 71 [M]/T. We have:

Proposition B.1. If 71 [M] = (Z,+), then the only covering of M having infinite
order is its universal covering.

Proof. Let Mr be a covering; I is thus a subgroup of (Z,+) and hence consists of
the multiples of some integer k. If & # 0 then the quotient group Z/kZ is finite,
and so is the order of M. If k£ = 0, the covering it defines is M. O



Appendix C

Pseudo-Differential Operators

In traditional pseudo-differential calculus, as practiced by most mathematicians
working in the theory of partial differential equations, one associates to a suitable
“symbol” a € C*°(R?") an operator A defined, for ¢p € C°(R?) (or S(R?)), by
the formula

(o) = ()" [ ate i)y (1)

where @Z is the Fourier transform of ¢ defined by
i . 1 \n/2 —i(p,y) n
¥(p) = (35) e Y(y)d"y.

Definition (C.1) is motivated by the fact that if @ is a polynomial in the variables
P1,- .., Pn With coefficients depending on x, then A is an ordinary partial differ-
ential operator which can be immediately “read” from a by replacing the powers
p%, a € N* by f'o“(?;‘ (we refer to the Preface for the multi-index notations that
we use here).

Thus, setting D¢ = i~1219%, to the polynomial

a(w,p): Z aa(l')pa y Qo GCOOGRZ)

laf<m

(m an integer) corresponds the operator

A= Z ao(z) DS .

loo|<m
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C.1 The Classes S, L7’

One of the most used class of symbols is exhibited in the following definition:

Definition C.1. We say that a is a classical pseudo-differential symbol on R2" if
a € C*°(R?") and if there exist real numbers m, p,§ with 0 < p < § < 1 and such
that for all multi-indices o and @ in N™ and every compact subset K of R} we
can find a constant Cy, g x > 0 such that

|0a0pa(z, p)| < Ca,px (1 + [p)™ 7! (C.2)
for all (x,p) € R2". The vector space of all a satisfying (C.2) is denoted by
s (R2").
We have of course the trivial inclusions
S(R2") € S5 (R2™).
The vector space of pseudo-differential operators (C.1) with symbols in 7 (R2n)
is denoted by L7';(RZ"); when d = 0 and p = 1, we use the notations S™(R2")
and L™ (R?")
A classical result is then the following:

Theorem C.2. IfA € L} s(R2"), then A is a continuous operator S(R?) — S(R?)
which extends into a continuous operator §'(R?) — S'(R?).

Notice that in general A € L7"s(RZ") does not map the space C§°(R%) of
compactly supported C'° functions into itself. One however proves that there
exists an operator R € L™°(R?") (i.e., R € L™(R?") for every m € R) such that
A= Ao+ R and A : CR?) — C§(R?)). The operator R is “smoothing” in
the sense that R : £&'(R?") — C$°(R7).

C.2 Composition and Adjoint
Let us introduce the following notation: given an a € S}’ (R2"), ag € S (R2")

and a sequence (aj)jeny with a; € Sm] (R?") where m > my > mg > --- and
lim;_, o m; = —00, we write a ~ Z ~o @ when

a—ZaJESmN (R?") for N > 1.

Let A€ LT s(R2™) have symbol a. The adjoint A* is also a pseudo-differential
operator and 1ts symbol b is then determined by the asymptotic expansion

1

aeN"™
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Note that this formula is very complicated compared to the easy rule used when
one deals with Weyl pseudo-differential operators.

Let A € LM (R?"), B € L5, (R27) have respective symbols a and b.
Assume that the composed operator A o B exists (this can always be assumed to

be true replacing A by Ag such that A — Ag = R € L™°°(R?")). Then C = Ao B
is a pseudo-differential operator

Ce L;T%erz (Rzn) y P = min{php?} 5 0= maX{él, (52}

and symbol ¢ is determined by

1
C(.’L’,p) ~ Z J‘Dga(l’ap)agb<$7p)
a€ENn
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Basics of Probability Theory

Let us begin by introducing some notation and definitions.

D.1 Elementary Concepts

A probability density on R™ is any integrable function p : R™ — R such that
p>0 and /p(z)dmz =1

We will assume in what follows that z;?p € LY(R™) for k = 1,2; this property
holds for instance when p € S(R™). Let Z be a continuous function R™ — R;
we will view Z as a real-valued random variable associated with the probability
density p. That is, if 2 is a Borel subset of R™, the number

Pr(ZeQ) = / p(z)d"z
Q
is the “probability that the value of z is in 7.

Definition D.1. The “mathematical expectation” (also called “mean value”) of the
random variable Z is

@) = [ 2@
and the “variance” of Z is
Var(Z) = (2~ (2))%) = (2%) ~ (2)*

The square root AZ = /Var(Z) is called the “standard deviation” of Z.
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Here are a few other concepts we will use. The convolution product

() = [ o= wp i (D.1)

of two probability densities p and p’ is again a probability density: obviously
p(x — u)p’(u) is non-negative for all z and u, and we have

/(p v o)(2)d™ s = / (/ oz — u)dmz) P ()™ = 1.

Proposition D.2. Let p and p’ be probability densities corresponding to independent
random wvariables X and X'. The probability density of the sum X + X' is the
convolution p * p'.

The function ¢, : R™ — R defined by

In fact:

2o) = [ playms

is called the characteristic function of the probability density p; it is essentially its
Fourier transform, and we have

Pprp (A) = @p(N)ppr (A). (D.2)
Let now Z1,...,7Z,, be a finite sequence of random variables of the type above.
We will call Z = (Zy,...,Zy) a (real) continuous vector-valued random variable.

By definition
Cov(Z;, Z) = ((Z; = (Z;))(Zk — (Zk)))

is the covariance of the pair (Z;, Zy); this can be alternatively written as
Cov(Zj, Zx) = (ZjZy) = (Zj) (Zk) -
Obviously, for every random variable Z, Cov(Z, Z) = Var(Z). The quotient

COV(Z‘ Zk)

Zi, 7)) = —— " = p(Zy, Z,

p( 7 k) AZJAZJ p( k> ])

is its correlation coefficient of the pair Z;, Zy; we always have —1 < p(Z, Z;) < 1.
In fact:

o We have |p(Z;,Zk)| < 1 for all j,k and equality occurs if and only if Z; =
aZy, + b for some a,b € R (and hence that p(Z;, Z;) = 1).

o Let Z=(Z1,...,Zy) and U = (Uy,...,Up,) be vector-valued random vari-
ables and A, B invertible m x m matrices. We have

(AU + BZ) = A(U) + B (Z)
where (U) = ((U1) , ..., (Un)) and (Z) = ((Z1) ,...,(Zy)).
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D.2 Gaussian Densities

Proposition D.3. Let ¥ > 0 and define, for z € R™,

p(Z) _ (L)m/Q det(2_1/2)67%<271(Z75)’Z75>. (D3)

2m

(i) The function p is a probability density on R™; (ii) Let Z be the vector-valued
random variable associated to p; we have (Z) = Z;
(iii) The covariance matriz of Z is 2.

Proof. (i) Clearly p > 0; let us show that the integral of p over R™ is equal to one.
We can diagonalize ¥ by an orthogonal matrix R, and the proof thus reduces to
showing that

1 & 2

—u/2X _ .

— e du=1 for A>0;
V2T /_oo

this equality immediately follows, changing variables, from the classical Gauss

integral
1 > 2
— 20y =1
e U .
V2T /_Oo

(ii) Setting y = z — z we have
(Z:) — Z; = /zip(z)dmz — Ei/zip(z)dmz
1,0
= (%)m/2 det(271/2)/y16_5<2 1y’y>dmy

and the last integral is zero since the integrand is an odd function; hence (Z;) = z;
as claimed.

(ili) Set &;; = Cov(Z;, Z;); by definition &;; = (Z;Z;) —(Z;){Z;) hence, performing
again the change of variables y = z — z,

m/2 _ Ll m
o= (a5 [ h w0,

Let now R = (ri;)1<ij<m be an orthogonal matrix such that D~! = REI1RT is
diagonal; setting y = Ru, we have

m 1
5= ()" det(D 1) [ fue 30 0,

where the functions f;; are given by

m

fij(u) = Z TikTjeUrUg-

k,f=1
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Noting that
7l<271u w)
upge 2 Wdmu =0 for k#/{

the formula for &;; reduces to
m G Lip-
& = (%) /2 det(D’l/Q)Znerje/u?e_2<[) fuu) gmy,. (D.4)
=1

Writing D = diag[dy, . .., dn] we have

~ oo
/uz€7%<D71u,u)dmu _ /6—%<D*1a,a>dm71ﬂ/ 2o—t2/2d gy
—00

where 0 = (uy,..., Gk, ..., um), D = diag[6i,...,0k,...,0m] (the cap ~ suppress-
ing the term it covers); using the elementary formula

/ 2220 1 63/2\/51"(%) — §3/2\/on

we thus have )
/uz67§<D71u,u>dmu — (27_(_)771/262/2

and hence (D.4) becomes §;; = Zznzl ri¢rjed. The sum on the right-hand side
being the ith row and jth column entry of RDR”T = ¥, this formula concludes the
proof. ]

Proposition D.4. Let ps; and px/ be two Gaussian probability densities centered at
z and Z', respectively; then ps * psr = psr where X' = X+ Y and psr is centered
atz' =z + 7.

Proof. 1t is sufficient to consider the case z = z’ = 0. The Fourier transform

of px is
m/2 m
1 . 1 1
Fps(Q) = { 5= /e*1<<>2>pz(z)dm2: ) 2o,
2m 27
hence
1 2m 1 .
Fps(Q)Fps (¢) = (2—) e 3 ((EHE)C0)
T
‘We have

F(ps + psy)(C) = (2m)" Fps(¢) Fps (C)

so that px * psy = pyry as claimed. O
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Solution of Exercise 1.12 (ii). Suppose indeed that there exists a symplectic form
o on $?" n > 1. Then 0/*" would be a volume form. Since H*(S?") =0 for k # 0
and k # 2n the symplectic form is exact: o = d3 for some one-form 3 on S?";
it follows that ¢ must also be exact, in fact 0" = d(8 A ¢"(*~1). In view of
Stoke’s theorem we would then have

/ o\ = 6/\ U/\(nfl) =0
g2n 982n

which is absurd. (This example generalizes to any 2n-dimensional compact mani-
fold such that H*(M) = 0 for k # 0 and k # 2n.)

Solution of Exercise 1.6. Let us prove that if U = A+14B is any matrix, symplectic,
or not (A and B being real n x n matrices), then the determinant of the 2n x 2n
block matrix

A -B
w=l5 ]
is given by the simple formula
det U = | det(A +iB)[*. (D.5)

This is easily seen by block-diagonalizing U as follows:

I, —il,||A -B||I, il, _yn A+iB 0
—il, I, B A|l|il, I.| 0 A—iB

and computing the determinants. In fact,

det[ I, —zIn} [In zIn] _ det [2In 0 } _yn

—il, I, il, I, 0o 21,
hence
A -B| A+iB 0
det{B A}det{ 0 A—z’B]

= det(A + iB) det(A — iB) = det U det U
which is just (D.5).
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Solution of Exercise 5.15. (i) Writing S in block-matrix form

A B
[ 5]

the condition that S is symplectic implies that A”C and BT D are symmetric, and
that ATD — CTB = I. Setting x5 = Az + Bp, ps = Cx + Dp, and expanding the
products, we get
psdrs — xsdps = (ATCx + ATDp — CT Az — CT Bp)dx
+ (BTCz 4+ BT Dp — DT Az — DT Bp)dp
= pdx — xdp
proving (5.8). (Notice that in general we do not have pgdxrs = pdx.).
(ii) Differentiating the right-hand side of (5.9) we get, since dp(2) = pdzx,

des(2) = 3(pdz — zdp) + 1d (ps,xs)
= 1(psdzs — zsdps) + 3d (ps, vs)
= pgdzs.

Solution of Exercise 2.58. Let us construct explicitly a homotopy of the first path
on the second, that is, a continuous mapping

h:[0,1] x [0,1] — Ham(n)

such that h(t,0) = fH2 fX and h(t,1) = f,. Define h by h(t,s) = a(t, s)b(t, s) where

a and b are functions,

I for 0<t< 32,
a(t78) = H s g
fGi—s))@msy for 53<t<1,
bt s) = foi)a_y for 0<t<1-3,
'8) = fE for $<t<1.

We have a(t,0) = f1, b(t,0) = X hence h(t,0) = f f£; similarly

K < <l

h(t,1) for  for 0<t< 3,
’ fH fK for L<y<1
2t—1J1 s>t 1,

that is h(t,1) = fe.
Solution of Exercise 5.48. The phase of T'(z,)V" is

@a(’é) = 50(2) + % <pa7xa> + <pa7x> ,
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hence that of SH(T(2,)V") is (using (5.36) and the linearity of SH):
A(t) = #(20) + 5 (Pas Ta) + (P, 7)
+ 2 (po,t + Pat, Tt + Tar) — 5 (P + Pa, T+ Ta)
where 20 = S 20, za4 = S 2,. Similarly, the Hamiltonian phase of SHV™ is
p(2,t) = p(Z0) + 5 ((pr, 20) — (P, @),

hence that of T(S} (z,))V™ is

B(t) = (%) + 5((pt; m¢) — (D,)) + 5 (Part: Tat) + (Pajts T)
and thus

A(t) = B(t) = 5((pa, ) — (0, 2a)) = 5({Pat, Te) — (Dt, Tart))

z) — 0(za,t, 2t))

2) —o(SH 2., S0 2)).

I3
]

A
Q

—~
S

IS

N[= N[= N|=
—
Q

Since S € Sp(n) we have o(SH z,, SHz) = 0 (24, 2) and hence A(t) = B(t).

Solution of Exercise 2.47. The condition X; € sp(n) is equivalent to JX; being
symmetric. Hence

d
a(ks*,fTJks*,g) =SEXFTS: + SFIXS; =0
so that S7.JS; = ST JSo = J and S; € Sp(n) as claimed.

Solution of Exercise 8.29. Write the covariance matrix in the form

_|¥xx Xxp «T
X = {EPX EPP] » Xpx = 2xp

that is
EXX = COV(Xi,Xj)lgi,an 5 (A)(J)2 = COV(Xj,Xj),
Spp = Cov(Pi, Pi<ij<n » (AP;)? = Cov(P}, Fj)
and ZXP = COV(Xi,Pj)lgi,an. We have

(AX;)? +¢ Cov(X;, P) + %h

Cov(Xi,P)—ih (AP +e |70

i
2
for every € > 0, hence

(AX;)*(AP;)? — (Cov(X;, P;)* + h%) > 0.
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Solution of Exercise 6.7 Set

We have _
92) = (k)" [ R faEn = Fpo (-
and hence _
P2 = F () = ()" [ R gin
so that

1) = (k)" [ ehoC g = Fogla)
Solution of Exercise 9.25. We have
AU =3 (WMt ei(8) = (T,48)
i=1

and hence
puA(W;) = (A, U)g W = \j (1, 0)3, T
that is

pq,A ;) Z)\ ¢ (¥

The trace of ﬁq/;{ is the convergent series

p\I’A Z/\ |C] 7

but this is just the expectation (A)y.

Solution of Exercise 8.46. It is clear that p > 0. To prove that
/ p(z)dpdx =1

it suffices to use the change of variables defined by
du= px(z)dz , dv=px(p)dp.

Solution of Exercise 5.20. The function ®¢(z) = 2v2mFE is a solution of the time-
independent Hamilton—Jacobi equation and thus ®(x,t) = zv2mE — Et. Setting
a = v2mE this yields the complete solution

2
O(x,t) = ax — Xy
2m

which depends on the parameter .
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Solution of Exercise 6.34. We have, by definition of F, and *_op,
(.7‘-(7@) %y b(Z) _ (ﬁ)n/e—%a(@z/) (/ 6_%U(Z_Z/’Z”)a(zﬂ)d2nzn) b(Z/)d2nZ/
1 // e h(cr(z 2Vto(z—2, Z”))a(ZN)b(Z/)dQHZ/dQnZN;

_h
setting 2" = u — v and 2’ = v we have d?"2'd*"z" = d*"ud*"v and hence
(Foa) o b(z / / e~ REGITT0D) g (y — u)b(v)d2 ud?
_ (ﬁ)n/e—ﬁa(z,u) [/e—ﬁa(u,v)a(uv)b(v)d%zv d2nu
= Fola s b)(2)

which proves the first equality (6.50). The second equality is proven likewise;
alternatively it follows from the first using (6.48). Formula (6.51) follows since F,
is involutive.

Solution of Exercise 6.42. We have, by definition of T(z):

~ i 1 1
(T(0) 0+ §y) = eh st 2030050 (@ — g 4 L),

=

[ 1 1
(T(20) ) (x — Ly) = e~ w029 =2 P0r0D) g (5 — g 4 L),
and hence
W(f(zo)\ll)(z) = (ﬁ)n/ef%@*m’y)\ll(x —xo+ %y)\ll(x —x0 + %y)d”y

that is N
T(20)WU(z) = W(T(20)P).

Solution of Exercise 8.38. We have

A 00 0
g_ |0 X 0 0
“lo 0o 1/ 0

0 0 0 1/

so S(B?*"(R)) is the ellipsoid
1
N

The intersection of that ellipsoid with the x4, p; plane (which is not conjugate) is
the ellipse

1
2 + $2 + Alpl + A2p2 < R2

1
xl + )\2p2 < R2
A

which has area mR?\/\1/\s # TR?.
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Solution of Exercise 8.39. We have

MO0 0
g0 X 0 0
1o 0 1/A O

0 0 0 1/x

A= [Aol AOJ » D= [I/OM 1/OAJ

do not satisfy the condition A7 D = D™ A which is necessary for S’ to be symplec-
tic. The section S’(B?"(R)) by the symplectic x2, p2 plane is the ellipse

and the blocks

1
—a? + \op? < R?
A

which has area mR%\/\1 /X2 # TR2.

Solution of Exercise 6.3 (ii). The isomorphism (6.9) is C*° and induces a Lie
algebra isomorphism d¢(0,0) : hR°! — b,,; the Jacobian of ¢ at (z,t) = (0,0)
being the identity it follows that b, = Hh2°'. Let us determine h2°' . We have
M(z,t) = I+ m(z,t) where

T

0 p t
m(z,t)= |0 0 =z|;
0 0 O

m(z,t) is nilpotent: m(z,t)¥ =0 for k > 2 and m(z,t)?> = m(0, (p, x)) and hence
1
emED = T 4 m(z,t) + §m(0, (p,x) = M(z,t+ 3 (p,z))

so that hP°! consists of all matrices

1 p" t—3(px)
XPolzt)=10 1 T
0 0 1

Solution of Exercise 6.3. This immediately follows from Proposition 10.18, (i),
using the fact that Uy is an isometry:

/P(th)dmz = [[Us(-s )| L2 mzny = [V )22 R

and hence, since |[{)(-,t)[|12(rp) is conserved in time,

[ ot = [0 )y = 10, 0) ez = [ oz, 00"
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index

Bessel’s inequality, 273
Bochner integral, 168, 223

canonical
2-form, 10
commutation relations, 160, 161
symplectic basis, 7
transformation, 55
Cartan’s theorem, 334
Cayley transform (symplectic), 223
characteristic function, 346
coboundary, xx
coboundary operator, 75, 76, 85
cochain, xx, 76
cocycle, xx
property of Kashiwara’s signature,
see Kashiwara signature
coisotropic, 11
completely integrable, 142
complex
structure, 6
concatenation, 96
Conley—Zehnder index, 104, 227, 327
constant of the motion, 140, 145
correlation of a pair of random
variables, 346
covariance, 241

of a pair of random variables, 346
covariance matrix, 240
cyclic order, 20

de Rham form, 150

density matrix, 271

density operator, 272, 330
for mixed states, 293
for pure states, 291
time-evolution, 296

eigenvalues
and logarithm, 39
of a symplectic matrix, see
symplectic polar form
exact Lagrangian manifold, 125

Fourier transform, xix
free
symplectic matrix, 45
symplectomorphism, 53
Fresnel formula, 222, 316
fundamental group
of a Lagrangian manifold, 125
of Lag(n), 70, 77
of Sp(n), 41

Gaussian
and Mp(n), 212
states, 262
generator
of m[Lag(n)], 148
of m1[Sp(n)], 74
generators of Sp(n), 49
Gromov width, 249
Grossmann—Royer operator, 156, 171,
183, 186, 304, 311
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Hamilton

equations, 51

vector field, 51

suspended, 52

Hamilton—Jacobi equation, 133
Hamiltonian

function, 51

phase, 138

symplectomorphism, 58
Hamiltonian flow

flow, 52

suspended, see Hamiltonian

time-dependent, 53
Hamiltonian function, see Hamiltonian
Heisenberg

algebra, 161

group, 162, 307
Heisenberg—Weyl operator, 152, 163,

304
Hilbert—Schmidt norm, 280
Hilbert—Schmidt operator, 279, 291

integral, 288

imprimitivities, 309

integral operator, 282
involution (functions in), 140
isotropic, 11

Jacobian
matrix, xviii

Kashiwara, see Wall-Kashiwara
signature
Kronecker flow, 143

Lagrangian
Grassmannian, 15, 16
manifold, 123
exact, 125, 129
g-oriented, 147
plane, 15
set, 11
submanifold, 124
torus, 143
Liouville’s equation, 141, 297

Index

Maslov
bundle, 79
cycle, 96
Maslov index, 96, 97
definition of, 71
on Lag(n), 66, 70, 75
on Mp(n), 197, 214
on Sp., (n), 87, 215
mathematical expectation, 240, 291
metaplectic
group, 195, 198
Maslov index, 215
operator, 198
metaplectic covariance
for the Wigner-Moyal transform,
207
for wave-packet transforms, 312
of Weyl operators, 204
minimum uncertainty, 261
mixed state, 293
monodromy matrix, 61
Moyal identity, 187

observable
classical, 190, 238
quantum, 239
orientable covering, 150
oscillatory integral, 174

phase

of a Lagrangian manifold, 125
phase of a Lagrangian manifold, 126
Poincaré—Cartan invariant, 130, 305
Poisson

brackets, 139, 209

commuting functions, 140
polarized Heisenberg group, 162
positive operator, 266
primitive (of a cocycle), 76
probability density, 345
pure state

quantum, 291

g-orientation, 94

g-symplectic geometry, 65, 84, 94
quadratic Fourier transform, 197
quantum blob, 255, 265, 266, 307
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quantum state, 239
quasi-probability density, 190

random variable, 345

reduced ALM index, 150

representation
equivalent, 163
irreducible, 163
unitary, 163

Schrodinger
equation, 156, 209, 271
in phase space, 324
representation, 163
Schwartz
kernel theorem, 170
space, Xix
skew
orthogonality, 11
product, 3
Souriau mapping, 66
spectral flow, 102
standard deviation, 345
standard symplectic
form, 4
space, 4

Stone—von Neumann theorem, 309

stratification, 95
stratum, 95
subsystem, 258
Symp(n), 28
symplectic
algebra, 36
area, 248, 249
ball, 255
base, 11
basis, 7
block matrix, 27
capacity, 261
linear, 249
Cayley transform, 223, 321
form, 3
Fourier transform, 167, 188
radius, 248, 251
subset, 11
vector space, 3
symplectic covariance
of Hamilton’s equations, 56
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of the symplectic Fourier transform,

167

symplectic gradient, 52
symplectic group

direct sum, 31
symplectic isomorphism, 14
symplectic shear, 30, 257
symplectic spectrum, 246, 252
symplectomorphism, 27, 55

topology
of Ham(n), 60
of Symp(n), 60
trace (of a trace-class operator), 275
trace-class operator, 273, 275
self-adjoint, 282
translation operator, 152
twisted convolution, 182
twisted form, see de Rham form
twisted symbol, 168

uncertainty principle, 240, 261
universal covering

manifold, 126

of Lag(n), 79, 85

of Sp(n), 87

variance, 241, 345
variational equation, 55

Wall-Kashiwara signature
cocycle property, 23
definition, 19
waveform, 150, 153
Weyl
operator, 166
composition of, 179
operator (adjoint of), 173
symbol, 168, 179
of a metaplectic operator, 222
symbol (twisted), 168, 181
Wigner ellipsoid, 253
Wigner transform, 186, 263, 303
range of, 192
Wigner wave-packet transform, 311
intertwining formulae, 317
range of, 314
Wigner—Moyal transform, 186, 311



